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Let M be a compact manifold without boundary, o be a fixed base point in M,
g be a Riemannian metric on M, and V be a g-compatible covariant derivative on
TM—the tangent space to M. Assume the torsion (7)) of V satisfies the skew
symmetry condition: g{T(X, Y}, Y> =0 for all vector fields X and Y on M. (For
example, take V to be the Levi-Civita covariant derivative on (M, g).) Also let v
denote the Wiener measure on W,(M)={we C([0, 1], M): w(0)=0}, and let
H(w)(s) denote stochastic parallel translation (relative to v) along the path
we W, (M) up to time se[0,1]. Given a C'-function h:[0,1] - T, M, it is
shown that the differential equation d(7)= H(o(¢))2 with initial condition
a(0) = id: W(M) - W(M) has a solution o:R — Maps(W(M), W(M))—the
measurable maps from W(M) to W(M). This function (¢) is a flow on W(M), ie.,
for all £, 7€ R, a(t+ 1) =0(t)-a(t) v-a.s. Furthermore o(¢) has the quasi-invariance
property: the law (o(¢), v) of a(¢) with respect to the Wiener measure (v) is equiva-
lent to v for all e R. This result is used to prove an integration by parts formula
for the h-derivative 8,f defined by 0, f(w)=(d/dt)l,f(o(t)(w)), where f is a
“C?-cylinder” function on W(M). © 1992 Academic Press, Inc.

1. INTRODUCTION

Let H denote the Hilbert space of absolutely continuous functions func-
tions A: [0, 1] — R" such that 4(0) =0 and (h, h) = [ |A'(s)|* ds < 0. Recall
the classical Cameron—Martin Theorem [CM1, CM2, Mar] which states
that if p is the standard Wiener measure on W(R")= C([0, 1], R") and
he H, then p is quasi-invariant under the transformation

(0 = o+ h): W(R") » W(R"). (1.1)

Furthermore, the Radon-Nikodym derivative is given by

du(w + h)/du(w) = exp < - Ll h'(s)-dw(s)—~3 Jol |h'(s)]? ds), (1.2)
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where g h'(s) - dw(s) is an Itd stochastic integral, see [K3, Theorem 1.2,
p. 113]. The purpose of this paper is to prove the analogous result for the
Wiener measure on the path space of a compact Riemannian manifold.

Let (M, g, V) be given, where M is a compact manifold without bound-
ary, g is a Riemannian metric on M, and V is a g-compatible covariant
derivative on TM (see Section 2.) Fix a base point o€ M and a C'-function
h:[0,1] - T,M (=tangent space of M at o) such that A(0)=0. Let v
denote the Wiener measure on the path space W(M)=C([0,1], M)
which is concentrated on the set of based paths W, (M)=
{we W(M): w(0)=0e M}. Let H(w)(s) denote stochastic parallel transla-
tion (or horizontal lifting) along w (relative to v) on the interval [0, 5], see
Section 3, and in particular Theorem 3.2. (Notice that H is really an
equivalence class of processes with two processes equivalent if they are
equal v-a.s.) With the above data, define the “vector field” (X”) (or more
precisely an equivalence class of vector fields) on W (M) by

X(w)(s)= H(w)(s) h(s). (1.3)

Notice that for each w, X*(w) is a vector field along the curve w. Hence,
it is reasonable to interpret X”(w) as a tangent vector at w . W (M). See
Malliavin [M1, M3] for some proposed methods of defining the tangent
space (TW(M)) to W(M) and equipping it with a Riemannian metric. Also
see Remark 2.3, where it is pointed out that the map 4 - X*(w) is an
isometry with respect to the “natural” metrics on H and T, W (M).

Given such a vector field X*, it is natural to try to construct its flow. In
other words, one wants to find a function ¢: R - Maps(W(M), W(M)) (the
measurable maps from W(M) to W(M)) which solves the initial value
problem,

F(1)(w)=X"(o(t)(®))  with o(0)(w)=w, (1.4)

at least for v-almost every we W, (M). (Note that the s-variable which is
taken to be the parameter for paths in W(M) is now suppressed. This
convention will be used whenever possible throughout this paper.)

Remark 1.1. If M =R", with the usual metric and covariant derivative
and 0=0, then X*(w)(s)=h(s) under the natural identification of TR"
with R” x R”. For this case one easily solves (1.4) to find

a(tw)=w+th,

which at r=1 is the transformation (1.1) used by Cameron and Martin.
The reader is referred to Example 5.1 for the more general Lie Group cases
where one can still explicitly solve (1.4).
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Because of the above remark it is reasonable to consider (1), where o(t)
solves (1.4), as the generalization of the transformation (1.1). Now assum-
ing the existence of a solution (o) to (1.4), it is natural to ask whether the
map a(t): W(M)— W(M) leaves the Wiener measure (v) quasi-invariant?
In other words, is the law (v, =o(¢), v) of a(¢) with respect to v equivalent
to v for all ¢? Recall two measures v, and v are said to be equivalent it they
are mutually absolutely continuous with respect to one another. Suppose
for the moment v, = o(t), v is not absolutely continuous with respect to v.
In this case X*(a(¢)) is no longer well defined, since X*(w) was only
defined up to v-equivalence. More precisely the equivalence class of the
process X*(a(¢)) will now depend on the particular representative chosen
for X”. This certainly renders Eq. (1.4) meaningless. Therefore, the issues of
existence and quasi-invariance of solutions to (1.4) are inseparable.

Because of the difficulties discussed above, it will be beneficial to reinter-
pret the meaning of (1.4). The modification is as follows. First, define the
coordinate functions o, (s} W(M)—> M by o, (s)(w)=w(s) for each
se[0,1]. We now say a solution to (1.4) is a path (o(¢) for teR) of
M-valued semimartingales solving

6(ty=H(o(1))-h with ¢(0)=o0,, (1.5)

where H(o(t)) is the stochastic parallel translation (or horizontal lift) of the
M-valued semimartingale o(t). (We are now suppressing both the random
sample path w and the s-parameter from the notation.) Of course the
process o(¢) must be suitably differentiable in the s-variable. Recall that
the notion of stochastic parallel translation along any continuous M-valued
semimartingale is always well defined, see Theorem 3.2 below.

The reformulation in (1.5) of (1.4) has the advantage that it makes sense
even if the flow does not satisfy the quasi-invariance property. It is now
possible to summarize the main results of this paper.

THEOREM 1.1. Let (M, g, V, W(M), H, 6,) be as above and suppose that
h:[0,1] > T,M is a C'-function such that h(0)=0. Then there is a unique
solution a: R — “Brownian semimartingales” on M satisfying (1.5).

See Definition 4.1 for the notion of a Brownian semimartingale.
Theorem 1.1 is a consequence of Corollary 6.3. Two proofs of Corollary 6.3
are given in this paper, one in Section 6 and the other in Section 7. The
condition that 4 is C' rather than an element of H is an unnatural restric-
tion which is needed for technical reasons. I would expect the results in this
paper to be true for all he H.

The next theorem is a combination of Theorem 8.1 and Theorem 8.5. In
order to state the theorem, recall that a continuous M-valued process
{X,}ser0.17 defined on a measurable space 2 may be thought of as a
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function from Q to W(M). This function is still denoted by X and is given
by X(w)= (s> X,(w)). I will write X or X(s) interchangeably depending
on which notation is more convenient.

THEOREM 1.2. Keep the assumptions and notation in Theorem 1.1.
Further assume that V is torsion skew symmetric (see Definition 8.1), then
v, =0(1), v (the law of a(t)) is equivalent to v, for all t. If o(t) is viewed as
a function from W(M) to W(M), then o(t) solves (1.4) and is a flow on
W(M), ie, for all t,7eR, a(t)ca(t)=0(t+1) v-as. Furthermore, if
p,=dv, /dv is the Radon—Nikodym derivative of v, with respect to v, then p’,
is v-integrable for all r € R. (See (8.16) and Theorem 8.5 for a formula for p,.)

Remark 1.2. The Levi-Civita covariant derivative is an example of a
torsion skew symmetric covariant derivative. See Example 8.1 for more
examples.

The integration by parts formula in the next theorem is an easy conse-
quence of Theorem 1.2. Theorem 1.3 is a combination of Theorem 9.1 and
Proposition 9.1.

THEOREM 1.3.' Keep the notation and hypothesis of Theorem 1.2. Let
(-,-) denote the inner product on L*(W(M),dv). For a function
[T W(M)-> R let 0, f=(d/dr)|, f(o(2)): W(M)— R, if the derivative exists in
probability. Then there is a function z(h). W(M)— R such that for all
“C2-cylinder functions” f and g on W(M) one has the integration by parts
Jormula:

(0,1 8)=(f, =0, +2(h)g).

Furthermore, there are constants ¢ >0 and K> 1 independent of h such that
for all h#0 in C*, v(e'ZWIHITy < K < o0, where |[1']|>= [§ |H(5)|? ds.

See Definition 9.1 for the notion of a C*-cylinder function, and Eq. (9.2)
for the explicit formula for z(k) involving the Ricci curvature and the
torsion of the covariant derivative V.

Remark 1.3. The analogues of Theorems 1.2-1.3 are valid if the Wiener
measure (v) is replaced by a pinned Wiener measure on W(M), ie., a
Brownian bridge. See Driver [D3].

There have been numerous other nonlinear extensions to the classical
Cameron—Martin theorem in the literature. The first such extension was by
Cameron and Martin [CM3]. The later nonlinear extensions are for the
most part done in the setting of Gross’ [Gr2] abstract Wiener spaces, see

! Leandre [Le] has recently proved this integration by parts formula directly using
methods of Bismut.

580/110/2-3
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Gross [Grl], Kuo [KI1, K2], Ramer [Ra], and Kusuoka [Kul-Ku4].
The order is both chronological and by degree of generality.

Results which are closer to those of this paper may be found in Albeverio
and Hoegh—Krohn [AH], Shigekawa [Sh1l, Sh2] Frenkel [Fr], M.-P.
Malliavin [MM1], and Gross [Gr4]. All of these papers include quasi-
invariant results for the Wiener measure (or the pinned Wiener measure)
on the based (loops) paths of a compact Lie group. See Sections 5 and 10
for a more thorough discussion of how the results in this paper relate to
the Lie group and homogeneous space cases discussed in [AH, Shl,
Sh2, Fr, MM1, Gr4]. Some other related references that the reader may
wish to consult are Airault and Malliavin [AM1, AM2], Airault and Van
Biesen [AV1, AV2], Epperson and Lohrenz [EL1, EL2], Getzler [Ge],
Jones and Leandre [JL], P. Malliavin [M1-M3], M.-P. Malliavin and
M. Malliavin [MM2-MM4], and Pressley and Segal [PS].

At this point it should be pointed out that a majority of this manuscript
is devoted to Theorem 1.1—the existence of the nonlinear transformations
o(t). Once Theorem 1.1 is proved, the quasi-invariance issue is quite easily
settled with the aid of Girsanov’s Theorem [Gi]—which is yet another
extension of the classical Cameron-Martin theorem.

The closest result in the literature (to the author’s best knowledge) relat-
ing to Theorem 1.2 is the work of Cruzeiro [Cr]. Roughly stated, Cruzeiro
proves the existence of flows for a certain class of vector-fields on the
standard Wiener space. She also shows that these flows satisfy the quasi-
invariance property. As stated, Theorem 1.2 involves a flow on W(M),
rather than the path space W(R"). However, by using the stochastic
development of Eells and Elworthy and P. Malliavin (see, for example,
[EE, Ell, Em, IW] and Section 3 below), it is possible to transfer the
differential equation (1.4) or (1.5) on W(M) to a differential equation on
W(R"). (The underlying measure on the path space W(R") will be the
standard Wiener measure denoted by u.) When this is done the “vector
field” X" on W(M) becomes a vector field X* on W(R") (defined p-a.s.)
which has the form

Xh(w)=j C(w) dw+jR(w) ds, (1.6)

where o is now a path in W(R”), and C and R functions on W(R") such
that p-a.s. s > (C(w)(s), R(w)(s)) is an adapted continuous End(R") x R"-
valued process. This result is included in Theorem 5.1 and Proposition 6.1,
where the reader may find explicit formulas for C and R. Roughly speaking
Cruzeiro’s results could be used to prove the existence of a flow generated
by (1.6) provided C=0. But as a rule in our situation C is seldom zero.
(A notable exception to this rule is when M is a commutative Lie group,
ie, R" or a torus.) It should be noted, however, as in [MM1], if one



QUASI-INVARIANCE 277

knows a priori the existence of the flow for (1.6) and one has good control
over the “infinitesimal density” (z(4)), then one can still use the technique
of [Cr] to prove the quasi-invariance property. This technique is not used
in this paper. We will only use the more standard Girsanov theorem.

As with Eq. (1.4), it is better to first consider X" as inducing a flow on
the space of R"”-valued semimartingales rather than on W(R") itself. That
is, one should consider the equation

W(t)=jC(w(t))dw(t)+JR(w(t))ds with w(0)=b, (1.7)

where w(t) is now a path of R"-valued semimartingales, and b is a standard
R"-valued Brownian motion. (For example, b(s) could be the coordinate
process on (W(R"), u), b(s){(w)=w(s).) Equation (1.7) is solved in
Theorem 6.1. The idea of the proof is simple. First assume that w(z) is a
Brownian semimartingale, that is to say, w(z)= [ O(¢) db + j a(t) ds, where
for each ¢ in R, (O(2), a(?)) is a continuous adapted End(R") x R"-valued
process. The initial condition w(0)=» implies the initial condition
(0(0), «(0)) = (Id, 0) for (O(¢), a(t)). Now insert this form of w(r) into (1.7)
to find the equations

O(t) = C(w(1)) O(1) with O(0)=1, (1.8)
and
a(1) = C(w(1)) (1) + R(w(t)) with «(0)=0. (1.9)

These equations are then solved by a modified Piccard iteration scheme.

We can now explain how the torsion skew symmetry condition enters
into Theorem 1.2. First it is shown that proving quasi-invariance for w(z)
proves quasi-invariance for o(¢), see Theorem 8.2. It is easy to see that in
order for the law of w(z) to be equivalent to y (= Wiener measure on
W(R")), requires w(t) to have the same quadratic covariation as b, see
Lemma 8.1. But this implies that O(z) must be an O(n)-valued process,
where O(n) denotes the orthogonal group on R” But by (1.8), if O(r)
is orthogonal for all ¢, then the process C(w(t)) must be so(n)-valued,
where so(n) is the Lie algebra of O(n) consisting of skew symmetric real
n x n-matrices. But the explicit formula for C (see (5.6)-(5.8)) shows that
one can not expect C(w(¢)) to be skew-symmetric unless the torsion tensor
has the skew symmetry property in Definition 8.1.

This paper is divided into ten sections. Section 2 introduces the differen-
tial geometric notation used in the paper. This section also provides a
“smooth” warmup to the stochastic caiculations done later. The purely dif-
ferential geometric Theorem 2.4 is also proved. (Theorem 2.4 is mainly used
in the second proof of Corollary 6.3 given in Section 7.) Section 3 reviews
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some basic definitions and properties about manifold valued semimar-
tingales. It is in this section where the stochastic horizontal lift and the
development maps are reviewed. Both of these constructions will play a
crucial role throughout the manuscript. Section 4 is devoted to deriving the
basic estimates needed for proving existence for the flows defined by
Egs. (1.5) and (1.7). (On the first reading the reader should probably omit
the proofs in this section.) In Section 5 and the beginning of Section 6 we
show that a solution to any one of the differential equations (1.5), (1.7), or
(1.8)-(1.9) can be used to construct a solution for the remaining two dif-
ferential equations. The rest of Section 6 is concerned with proving exist-
ence and uniqueness to Eqs. (1.8) and (1.9). Section 7 contains an alternate
proof for existence and uniqueness of solutions to (1.5). Section 8 deals
with the issues of quasi-invariance and the existence of flows on W(M) or
W(R"). Section 9 is devoted to the integration by parts formula for the
h-derivative. Finally, in Section 10 (also see Section 5) we discuss some less
satisfactory alternatives to Eq. (1.4).

2. GEOMETRIC PRELIMINARIES

In the beginning of this section I will fix some notation and review some
basic facts from differential geometry. The rest of the section is devoted to
studying the flow equation (1.1) in the smooth category. The computations
done here will be used as a guide for the stochastic case.

First, some general comments on notation. I usually use angled brackets
({ >) to enclose the arguments of a function on which the function
depends linearly. For example, F(x){a, b) would denote a function which
is typically nonlinear in the x-variable but is linear in a for fixed (x, ) and
linear in b for fixed (x, a). If the variables a and b are elements of a vector-
bundle, then linear is to be interpreted as fiber linear. If F is a fiber bundle
over a manifold M, then I'(F) will denote the smooth sections of F. If ¢
is a smooth curve in M then I (F) will denote the set of smooth
sections along ¢. Suppose that f: M — N is a differentiable map between
manifolds M and N, then the differential of f will be denoted by f,. If N
is a vector space, the differential df'{6(0)> = (d/dt)|of(o(t))e N will be
used frequently, where 4(¢) is a smooth curve in M. If both M and N
are vector spaces, then we may define the differential f* by
f'(m)yv=(d/dt)|of(m+ tv)e N for all m and v in M. Notice that f, maps
TM to TN, df maps TM to N, and f’ maps M to Hom(M, N), where
Hom(M, N) denotes the space of linear maps from M to N. Finally, if «
and B are 1-forms on a manifold M, the two form o« A f will be identified
with the alternating multilinear map on TM given by

a A Blo,wh=alv)-f<wd —alw) - f{v)
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for all v, weT,,M and me M. (Warning: This convention differs from
Kobayashi and Nomizu [KN] by a factor of 2. This explains the factor of
2 discrepancies between formulas quoted in this paper and those in [KN].)

Throughout this paper the following data will be fixed. Let
(M",V, g, o0,u,) be a smooth compact n-dimensional Riemannian manifold
with metric g, a g-compatible covariant derivative V, a fixed base point
oe M, and a fixed orthogonal frame u, above o. Recall that a covariant
derivative V on TM is said to be g-compatible if Vg =0, ie., X(g{Y, Z))=
gV Y, Z>+glY,V,Z)> for all X,Y,ZeI(TM). Also recall that an
orthogonal frame at me M is a linear isometry u: R" - 7, M.

The principal bundle of orthonormal frames is denoted by n: O(M) > M
or O(M) for short, where = is the canonical fiber projection. We are mostly
interested in the path spaces W,(R"), W (M), and W, (O(M)), where the
following notation is being used.

Notation 2.1. If (Q,q) is a pointed manifold (geQ given) then
W(Q)=C([0,1],Q) is the set of continuous paths in @ and
W, (0)={weW(Q): w(0)=q} is the subset of based paths. Also let
W=(Q)W 7 (Q)) denote the set of smooth (based) paths in Q.

Given a smooth path ¢ in M and a smooth vector field X along g, let
VX/dse I',(TM) denote the covariant derivative ¢*VX of X, where o*V
is the pull-back of V to sections along o. Also if uel (O(M)),
define Vu/dse ' (E) by (Vu/ds)(s)-&=(V/ds)(u(s)¢é) for all ¢ in R”,
where E=Hom(R", TM) is the vector-bundle over M with fiber
E, =Hom(R", T,,M) for each me M. Note because V is g-compatible,
u(s)~ ' (V/ds)(u(s)) is in so(n)—the Lie algebra of O(n) consisting of
skew-symmetric »r x n real matrices.

The covariant derivative V is equivalent to a connection on the principal
bundle O(M). Namely, let ® = w" be the connection 1-form on O(M) with
values in so(n) defined by w{u'(s)> =u(s) ™' (Vu/ds)(s) where u(s) is any
smooth path in O(M). Furthermore, this @ induces the covariant derivative
V on the associated bundle TM = O(M) x,,,R".

The following definitions are standard, see Kobayashi and Nomizu
[KN].

DEerINITION 2.1. The canonical 1-form on O(M) is the R"-valued 1-form
($) on O(M) given by 9<&>=u"'r, ¢ for all £e T,0(M) and ue O(M).

DerFmNiTION 2.2. The standard horizontal vector fields B{a)(-)e
I(TO(M)) for aeR” are defined by the following: B{a>(u) is the
horizontal lift of uae TM to T,0(M) for each u in O(M). So B{a)(u)
is the unique element in T,0(M) such that =, B{a)(u)=ua and

w{B{a>(u)> =0.
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Remark 2.1. For Aeso(n) and u in O(M), let u-AeT,0(M) denote
the tangent vector u-A = (d/dt)|,ue'”. With this notation it is easy to
check that the decomposition of a tangent vector £,e T,0(M) into vertical
and horizontal components is given by &, =u-w{&,> + B{IE,D d(u).
One should also note that if u(z) is a smooth path in O(M) then w{u(t)>=
u() ™" (Vu/dr)(t). Hence i(¢) also decomposes as u(t) = u - (u(t) ™ (Vu/dt)(1))
+ B{Ia(r) (u(1)).

DerFINITION 2.3. (i) The curvature tensor of V is defined by
RX,YYZ=VyVyZ-Vy,VyZ -V y 12,

where X, Y, Ze I'(TM).
(ii) The torsion tensor of V is defined by

T(X,Y>=V, Y-V, X—[X, Y],

where X, Ye I'(TM).

(i) The curvature form 2 of w is the so(n)-valued 2-form on O(M)
defined by

Q(X, Y>=dw(HX, HY) = (dw)? (X, Y,
where X, Ye T,0(M), and HX and HY denote the horizontal components
of X and Y, respectively. (So HX = B{I{X) >(u).)
(iii') For all ue O(M) and a, b e R" set Q,{a, b)> = Q{B{a>(u),
B{bY(u)) eso(n).

(iv) The torsion form @ of w is the R"-valued 2-form on O(M)
defined by

OKX, Y>=d9"(X, Y>=d{HX, HY)

for all X, Ye T,0(M) and ue O(M).
(iv') For all ueO(M) and a,beR" set ©,{a,b)=0(B{a)(u),
B{by(u))> e R"

The next lemma summarizes some basic properties of curvature and
torsion.

LeMMA 2.1. Using the notation of Definition 2.3 one has the following
relations:

(i) O@=d3+ w A 3 (first structure equation);
(il) Q=dw+w A ® (second structure equation);
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(i) 2,<{a,by=u""R{ua,ub) u for all ue O(M), and a, be R";
(iv) 0.{a,b>=u"'T{ua,ub) for all ue O(M) and a, be R".

For a proof, see [KN, Sect. III, Theorem 2.4, and Sect. IIL5].

DErFINITION 2.4. (i) A path ue W®(O(M)) is said to be horizontal
if (Vu/ds)(s)=0 or equivalently w<d{u'(s)>=0 for all se[0,1]. Let
HW>(0(M)) denote the set of smooth horizontal paths in O(M) and
HW >(O(M)) be the curves in HW*=(O(M)) based at u,,.

(it) The horizontal lift of a curve ae W*(M) is defined to be the
unique curve ue HW 7 (O(M)) such that a(s) =mou(s). Denote this path u
by H(s), and call the resulting function H: W3(M)— HW Z(O(M)) the
horizontal lift map. (Note that H(s)(s)u,' is the parallel translation
operator along o, ,;.)

DeFiniTiON 2.5, The development map is the function I: W(R") -
HW>(O(M)) given by I(w)=u, where we W (R") is given and
ue HW 7 (O(M)) is the unique solution to the differential equation

u'(s)= B{w'(s) >(u(s)) with u(0)=u,. (2.1)
(Recall that u,e O,(M) is a given fixed frame.)

The stochastic counterparts of the next three theorems will be crucial for
this paper.

THEOREM 2.1.  The sets HW [ (O(M)), WX (M), and W (R") are in one
to one correspondence. In particular the development map I: W (R") —
HW2(O(M)), and the projection n: HW 2 (O(M)) — W (M) are bijective,
where © now denotes (by abuse of notation) the function n(u)= 7o u. Further-
more, the horizontal lift map H is the inverse of m, and w=1"'(u) is given
by

w(s) = Ls 3u'(s')) ds'. (2.2)

Proof. Let I~Y(u)=w where w is given in (2.2). Suppose that u = I(w)
with we W (R"). By applying 7, to both sides of Eq. (2.1), it follows from
the definition of B{-) that n u’'=uw’. Therefore w' =u"'n u'=39<u’),
from which Eq. (2.2) follows after remembering that w(0)=0. We have
just shown that /="' o I=id. Now if w=1I""(u) with ue HW 2(O(M)), then
w' =39<u'> and B{w' )(u)=B{Iu'>>(u)=u" because u’ is horizontal.
Therefore, u satisfies Eq. (2.1) so that u=I(w)=1IoI"Y(u).

It follows trivially from the definition of H that 7o H=id on W*(M). So
it only remains to show that Hon=id on HW (O(M)). But this is also



282 BRUCE K. DRIVER

trivial, since the horizontal lift of a curve is unique once the initial frame
is given. Q.ED.

For he WE(R") and oeW>(M), define X"(o)el,(TM) by
X*a)(s)= H(a)(s)-h(s) for all s in {0, 1]. One should interpret X" as a
vector field on W2 (M). It is natural to flow along the vector field X' k. That
is, given o,€ W (M) the flow along X starting at ¢, is defined to be the
solution o: R — W > (M) to the functional differential equation

6(t)= X"(o)=H(c)-h,  with o(0)=o0,. (2.3)

Remark 2.2. At this point it would be more natural to work with
H'-paths rather than smooth paths. A H'-path (¢) in M is an element of
W (M) such that ¢ has a “derivative in L2” See Klingenberg [KI1-KI3]
or [D2, Sect. 3] for a precise definition, and the fact that these H'-paths
form a Hilbert manifold. In this H!-setting it would be possible to prove
that X* is in fact a smooth vector field. Hence, by standard existence
theorems for ordinary differential equations on Hilbert manifolds (see, for
example, Lang [L]) Eq. (2.3) will have a unique solution. Since our main
interest is in the stochastic case I will not pursue this issue here. Besides,
the spirit of this section is to elucidate the “algebraic” structure of these
flow equations and not cloud the exposition with analysis.

Remark 23. Again identifying I"*(TM) (=smooth sections of TM
along o) with the tangent space to W (M) at g€ W (M), we may define
a metric (G=G?*") on W>*(M). Namely, if X and Y are two vector fields
along o, set

v
G(X, Y>=G* (X, Yy = j <X() (s)> (24)

Notice that G{X"(a), X"(6)> = {(h, h), where (h, h)= | |h'(s)|* ds. Hence
the map (h - X*(0)): WP(R") > T, W*(M)= I *(TM) is an isometry for
each 6 e W>*(M).

THEOREM 2.2. Assume the same notation as above, and let a(t) be a
solution to the flow equation (2.3). Let u(t)= H(o(t))e HW(O(M)) and
w(t)=1""(u(t))e W (R"). Then w(t) and u(t) satisfy

u(t)(s) = —u(t)(S)-f0 (Q,<h wHNE, s')ds"+ BCh)(u)(t,s)  (25)
and

W6 = [ (QuCh w6 5) ds W (0)(s)

+(0,{h, wH)(t, s)+h(s), (2.6)
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where w = dw/ds, W = dw/dt, etc, and (Q,{h W) s) =
Q. <h(s), w'(t)(s) > with similar notation for the ©, and the B{h) terms.

Proof. 1 will give two proofs of this theorem. One using the covariant
derivative V, and the other using the connection form w. It will be this
second proof which is more easily adapted to the stochastic case. The first
proof is included for the reader who is more comfortable with covariant
derivatives.

First Proof. Start with the basic formula for u:
Vu
dr
see Remark 2.1. By definition of w and Theorem 2.1, &’ = B{w’ >(u), and so
by taking 7, of both sides of this equation one finds ¢’ = uw’. Since u(r) is
a horizontal curve in s for each fixed ¢ it follows by definition that
Vu/ds=0. Therefore (V/ds)(V/dt)u=[V/ds,V/dt]Ju=R{s’,6>u, and
hence by Lemma 2.1, and the relations ¢’ = uw’ and ¢ = uh, one has

u=u-wlu)+B{IudY u)=u- (u ) + B{3uyHX(u), (2.7)

ds dt
It follows by integrating (2.8) using Vu/dt =0 at s =0 that

<u—1 %;f) (1, S)=J: QW' h) (¢, 8') ds

d <u1E)zu—m@g@u:guw,m: Q.. (28)

- —rQu<h, W, 8') ds'. (29)

Combining Egs. (2.7) and (2.9) along with the observation that $<u) =
u'n i=u"'¢6=u ‘uh=h proves Eq. (2.5).

Now to prove (2.6), first suppose that u(¢) is any smooth curve in O(M),
c=nou, and Xel,(TM) is any vector field along ¢. Then I claim
(d/jdt)(u='X)= —u~"{(Vu/dt)u "X —VX/dt}. To see this, let i O(M) be
any horizontal lift of the curve g, and define g(¢) e O(n) by the equation
u(t)=1u(t) g(¢). Then

d —1 d .. I P P a4 “—1
- X)=— X)= — X - Y).
it (u ) It (g ' ) g 88 u +g It (w )

Since, # is horizontal, Vu/dt=ug and (d/dt)(4'X)=14""'(VX/dt). These
two observations and the last displayed equation yield
d o e YU s VX
dt(u X)y=—g i 8 X+g7'a r

v v
=u"{——tiu_1X+—X-}. (2.10)
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Applying (2.10) with wu(r) replaced by u(z)(s) and X(¢) replaced by
a’'(1)(s) gives
d Vu Vo'

.’=— =157 = — 71.—. —1 s 71__‘ , 1
W a’t[u '] u 7 u o' +u p (2.11)

Now using the definition of torsion, Lemma 2.1, and the relation ¢’ =uw’,
it follows that Ve¢'/dt=Vd/ds+ T{d,oc')=Vd/ds+u®@ (h, w'). Since
s = u(t)(s) is a horizontal path in O(M), Vé/ds = (V/ds)(uh)=uh’. So the
last two equations show that

Vo'

-1__= ’ /
us O.(hw)H+h. (2.12)

Equation (2.6) is now a consequence of (2.11), (2.9), and (2.12).

Second Proof. Our starting point is still Eq. (2.7). We also borrow
from the above proof the equations $<ad=u '6=h and u')=
u~l¢’=w'. Since ' is horizontal, w{u’ > = 0. Therefore, 0 = (d/dt) w{u’ > =
dwlu, u')y + (d/ds) w{u). By the second structure equation (Lemma 2.1)
and again because ' is horizontal, Q{#, ') =dwlu, u'). Hence
(dids) w<u) =2, uy=—Q,{(h,w), so that

Wi, s) = _L Q,Chy w1, 5') ds'.

This last equation is the same as (2.9), which as above yields (2.5).
Now compute w' = (d/dt) §<u' ):

W’=£8<u’> =d8{u, u') +£3<d> =d¥u, 'Y+ n
dt ds

=0u,u'd>—o A3 au' >+ h.

The last equality is a consequence of the first structure equation
(Lemma 2.1). Because w<u'> =0, one has

W= O, u'> —0ladIu'd>+h = —wladw + 0, hwd+H,

which combined with (2.9) again proves (2.6). Q.E.D.

Equation (2.6) may be considered as a functional differential equation
for w’ by defining u to be I(w). (Notice that w may be recovered by integra-
tion from w’ since w(0)=0.) Theorem 2.2 shows that given a solution (g)
to the flow equation (2.3), then w=1""'o H(a) solves Eq. (2.6). It will be
shown in Section 5 that (2.6) is still valid for random paths provided all
w'’s are replaced by dw, where dw is the Stratonovich differential of w in



QUASI-INVARIANCE 285

the s-variable. One possible method for solving (2.3) would be to solve
(2.6) instead and then set 6 =m0 I(w). (This is what is done in Section 6.)
The next theorem shows that ¢ defined this way solves (2.3). The stochastic
analogue of this theorem appears in Section S.

THEOREM 2.3. Suppose that w(t) is a smooth path in W*(R") satisfying
Eq. (2.6), where u in (2.6) is to be interpreted as I(w). If 6 =noI(w), then o
satisfies the geometric flow equation (2.3).

Remark 24. If we had been working with the Hilbert manifold of
H'-paths and had shown that the maps 7 and H are diffeomorphisms, then
a direct proof of Theorem 2.3 would be unnecessary.

Proof. To simplify notation set 4 = jb Q, <h,w (e, s')ds', and u=I(w).
We first show that u satisfies Eq. (2.5). Because of Eq. (2.7) it suffices to
show that 8<i>=#h and w{it) = —A. Set E=9<u) and E=w{u), then |
claim that the pair (£ — h, A + E) satisfies the differential equations

(E+ A=, {w,E—h> (2.13)
and
(E—hY=(E+A)w +6O Lw',E—h). (2.14)

To show this, compute E’ using the second structure equation:
d d
E/=_ . — ’ . o !
dsw<u> a’w(u,u>+dza)<u>
. p oo, 4
=R, u)—w A wlu, u>+3;a)<u’>.

Because #' is horizontal, @ A w{u',u>=0 and (¥’ >=0, so that
E=Q,uy=Q,{w,&>. Thus (E+A)=Q,.<w,E—h>, which is
Eq. (2.13).
Now compute &' using the first structural equation and 3<{u' ) =w":
4 ANLEYY
13 = 8<u>—d9<u,u>+dt u'>
=0, uy—o A Iu,u)+w.
Using again w{u’) =0 and also-that w satisfies Eq. (2.6) one finds
=0, W, > +wli)y Iu' )+
=0, W, EY+EW + AW + 6O, h,w'd+H.

This last equation easily gives Eq. (2.14).
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Equations (2.13) and (2.14) are linear differential equations for the pair
(E+ A4, £ — h) with 0 initial conditions at s =0. By uniqueness of solutions
to linear O.D.E’s it follows that 4+ E=0, and {—h=0, and so (2.5)
holds. The theorem is now completed by applying =, to both sides of (2.5)
to get

6(r)=mn u(t)=u(t)h= H(o(t))h,

which is (2.3). Q.ED.

I will end this section with a purely differential geometric theorem on
the existence of “nice” extensions of covariant derivatives for manifolds
imbedded in a Euclidean space. This theorem will be used in the next
section to give an extrinsic proof of the existence of stochastic horizontal
lifts. It will be use again, in a more serious way, in Section 7. We will need
the following lemma to prepare for Theorem 2.4,

LEMMA 2.2. Suppose that M is an imbedded submanifold of R",
i: M —R" is the inclusion map, and g is a metric on M. Then
J: O(M) - RY x Hom(R”, R") defined by j(u)= (ion(u), i'(n(u))ou) is an
imbedding of O(M) in RY x Hom(R", R™). Here i'(m): T,,M - R" is given
by i'(m)=pr,ei,,, with pr, projection onto the second R™ under the natural
identification of TR"™ with R" x R™. Explicitly, this identification is given by

d
((x, v)_)vx=gt'

(x+tu)>: RY x RY - TR".
0

Proof (Sketch). Let k=N —n, where n is the dimension of M. Given a
point m e M, there is an open neighborhood U of R” containing m, and a
C>*-function F: U - R* such that Un M =F~'({0}) and F'(p): RY > R*
is surjective for all pe U. Choose a smooth function g: U — N x N-positive
definite symmetric matrices such that g<v., w,>=(g(x)v, w) for all
v, w,eT,Mand xe Un M, where (-, -) is the usual inner product on R”.
Define H: Ux Hom(R”, RY) » R* x Hom(R”, R*) x &, where & is the
set of all nxn real symmetric matrices, by H(x, 4)=(F(x), F'(x)A4,
AYg(x)A~1I). Then check that j(O(M)) n [UxHom(R", RY)] =
H~'({(0,0,0)}), and that the differential of H is surjective for (x, A)e
JO(M))n[UxHom(R"”, R¥)]. The lemma now follows by the implicit
function theorem. Q.E.D.

From now on we will identify M with i(M), and O(M) with j(O(M)).

THEOREM 2.4. Suppose that M is an imbedded submanifold of R”, g is a
metric on M, and V is a g-compatible covariant derivative on TM. Then there
is an open neighborhood Y < R" of M, a C™-function n: Y - M, a metric g
on Y, and § compatible covariant derivative V on TY satisfying:



QUASI-INVARIANCE 287

(i) 7|, is the identity on M,
(i) if i M > Y is the inclusion map then i*g =g,
(iii) suppose that Z:R—TY is a smooth path then n,(VZ/dt)=
(V/dt)(n, Z), in particular if Z: R — TM is smooth then VZ/dt =VZ/dt.

Let I be the N x N-matrix valued 1-form on Y such that V=d+ T, and
let P(y)=n'(y):R">R" (ie, P(y)a=(d/dt)|,n(y+ta)eR" ) Then
condition (iil) is equivalent to:

(iv) PI'=dP+n*I'{-> P, more explicitly if v, = (d/dt)|, (y + tv) is a
tangent vector in Y, then

P(y)I<v,>=dP{v, >+ I'{mn,v,> P(yy=0,P(y)+ I {mn,v,> P(y). (2.15)

(v) P(m) is orthogonal projection onto T, M for all me M.

Remark 2.5. The key consequence of condition (iii) is that if Z is a V-
covariantly constant path in TY then Z=n,Z is a V-covariantly constant
path in TM. It is this property that will be used in Section 7.

Proof. First we show that (iii) and (iv) are equivalent. Write
Z(t)=2(t)s,, where 6(r1)eY and z(s)eR", similarly Z(¢t)==,Z(1)=
2(t)g(ry» Where z(t)= P(6(t)) z(¢) and o(t)=mn-a(¢). With this notation,
then n_(VZ/dt)= (P(G)[Z+ () Z]), and (V/dt)(n, Z) = ([2 + {6 z),.
Therefore condition (iii) is equivalent to

PG)E+T{6>2)=2+T6)z (2.16)

for all functions z(¢) in R". Now write u= P(¢), so that z=uZ and
2 = (d/dt)(uz) = uz + uz. Using this expression for z and I'(¢> = (n*I"\{é)
in (2.16), one shows easily that condition (iii) is equivalent to (iv).

To prove the existence of V, it is convenient to transfer the problem on
Y to one on the normal bundle (E) of TM in TR”™. Let p: E— M be the
fiber projection, and Se I'(E) be the zero section of E. By the tubular
neighborhood theorem [L, Chapt.4, Theorem 9] there is an open
neighborhood Y of M in R" and a diffeomorphism . ¥ —» E such that
pely=id,, and Yoi=S. Define n=poy, then 7n: Y- M satisfies
condition (i).

Now suppose that g is a metric on Y, V is a covariant derivative on T7,
and Z:J—>TY is a smooth map. Let g=(y ')*z, V=y,Vy; !, and
Z =y, 2, then it is easy to check that condition (ii) is equivalent to

(i) g=5%,
and condition (iii) is equivalent to

(iii') p,((V/dt)Z)=(V/dt)(p,Z)=VZ/di, where Z=poZ.
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Also the condition that V is g-compatible is equivalent to \ being g-com-
patible. Hence, if we can find a metric ¢, and a g-compatible covariant
derivative (V) on TE satisfying condition (ii’) and (iii"), then the corre-
sponding g and V will satisfy the conclusion of the theorem.

We now construct V and g. First choose a fiber metric G on E, and a
G-compatible covariant derivative D on E. This covariant derivative D is
equivalent to a connection on E. Explicitly, we may define the horizontal
subspace # T ,E of T E by

HT,E= {I’/(O): V:(—1,1) > TE smooth, ¥(0)=e, and 1;—:/= 0}.

As is well known p,: #T E — T,,,M is a linear isomorphism. Let # also
denote the horizontal lift operator: #'(v)(e)=p,| . (v) for ve T, ,M.
Recall that the vertical subspace ¥'T,E of T.E is defined to be the
Ker(p,.) and is isomorphic to E,,. This isomorphism is given by

d
<e’ - (e’)EEE (e+ te’)): E o~ VT,E
0

Let k: TE — E be defined by x|, =0, and x{(¢’),> =¢ for all e’e E,,,,.

Remark 2.6. 1t is easy now to check that p*TM ~ #TE, p*Ex=V TE,
and TE= #TE® ¥ TE so that TE= p*TM @ p*E, where p*TM and p*E
denote respectively the pull-backs of TM and E over M to bundles over E.

We are now in a position to define ¢ and V. Set g¢&n)>=
24P & pen> + G k(&) k{(n)) for all £, ne T, E and ec E. Suppose that
Z(t) is a smooth curve in TE, and e(t) = p(Z(t)), define

v Voo D_ -
F20=H(Z(0uZ00) () + (7 [6<Z(0)]

e{i)

It is now easy to check that Vis £ compatible and that (iii’) holds. Condi-
tion (ii') is also easily verified using S, v= (v »(S(m)), where ve T, M.
So we are now only left to prove (v).

The fact that P(m) is a projection onto T,, M for me M follows from
non=mn, and n=id on M. To show that P(m) is orthogonal it suffices to
show that P(m)(T,,M*)= {0}. Since y is by definition an isometry from Y
to E, T,,M* =y (¥ TymE). Because n=p-y and P(m)=mn'(m) (n'(m)
is m,,, with base points forgotten) it follows that P(m)(T,M™")= {0},
since T, (T, M) =p Y VU ;' (¥ TymE)=p (¥ Ty,mE)={0}. Q.ED.
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Remark 2.7. The condition that V is g-compatible is easily seen to be
equivalent to the condition

dg{-)=8I'->+T"(-5 8, (217)

where ¢ is being identified with the matrix function § satisfying
g{v,, w,>=(g(x)v, w) for all xe Y and v, we R".

3. STOCHASTIC PRELIMINARIES

This section will fix the probabilistic notation and review some facts
about semimartingales on manifolds. We will emphasize the non-intrinsic
point of view because it facilitates the derivation of the estimates in
Section 4. Throughout this section and the rest of the paper
(2, F, {#},50, P) will be a filtered probability space satisfying the “usual
hypothesis” (or sometimes written as the usual conditions).

UsuaL HYPOTHESIS. (@, %, {#},50, P) is said to satsfy the usual
hypothesis if the c-algebra F is complete with respect to-the probability
measure P, the filtration { %} is right continuous, and %, contains all P-null
sets.

Given a measurable function f: Q2 — R, the integral fg flw) dP(w) will
often be denoted by P(f). More generally, for any Ae#, set
P(f;A)=f,f(w)dP(w). If # <F is a sub-sigma algebra of &, then
P(f| o) denotes the conditional expectation of f with respect to P and 7.
Finally, if (X, #°) is another measurable space and F: Q —» X is F/#-
measurable, let F, P denote the probability measure on (X, #) defined by
F,P(A)=P(F'(A)) for all Ae#. Recall that if f: X - R is a bounded
measurable function then F, P(f)= P(f- F).

Hopefully, the reader wili not be confused by the overuse of the symbol
€ for both the curvature form and the sample space £2. The symbol d will
also have a dual meaning which is likely to be even more confusing:
namely, the differential of a form or the Ité stochastic differential of a
process (sorry).

Suggested references for this section are Protter [Pr] for stochastic
integration theory, and Emery [Em] for stochastic calculus on manifolds.
Some other references are [Bil, Bi2, Ell, IW, Me, No, RW, Sc1-Sc3] to
name just a few. For the reader not familiar with stochastic calculus on
manifolds perhaps Meyer’s short paper [Me] is a good place to start.

We will adopt the notation in [Em], in particular { X 6Y will denote the
process (s — [§ X 6Y) where the integral is the Fisk—Stratonovich stochastic
integral. In terms of It6 integrals, [XdéY={XdY+1i[X, Y], where
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[X, Y] denotes the quadratic covariation of the semimartingales X and Y.
One often writes dX dY for the differential of [X, Y]. The following
assumptions will be in force throughout this manuscript.

Standing Conventions. A process {X(s)} means an adapted process.
A semimartingale is by definition (in this paper) continuous. (More
generally, most processes appearing in this paper will be continuous.)

DeFINITION 3.1. An M-valued semimartingale is a continuous M valued
(#,) adapted stochastic process X, such that for all fin C*(M), f(X) is a
real (2, #, {Z,}, P)-semimartingale.

Remark 3.1. If X is an M-valued semimartingale and ¢: M - Q is a
C*-function then Y= ¢@(X) is a Q-valued semimartingale.

Suppose that afs) is a T*M semimartingale and X(s)=7a(a(s)) (by
Remark 3.1, X is an M-valued semimartingale), where 7: 7*M — M is the
canonical projection. We would like to define the Stratonovich integral
Ja<8X>. To this end, use the Whitney embedding theorem (see Ref. [Au]
of [Sp]) to imbed M into R" (for some N) in such a way that M is a
closed subset of RY. By the tubular neighborhood theorem (see Lang
[L, Sect. IV, Theorem 97]), there exists an open subset V of R" containing
M and a smooth map p: V— M such that p|,, is the identity on M.
Set a(s)=p*a(s) which is a T*V-valued semimartingale, since
p¥: T*M > T*V is a C®-function. With x=(x', x2 .., xV) being the
standard linear coordinates on RY, &(s)=X", o,(s) dx'| s, where
“i(S)E&(S)<(6/aXI)|X(s)> =a(s){ p4((6/0x") x;))>. Because the map
(o = a2 p((0/0x")| yay)>): T*M — R is smooth, it follows that all of the
a/s are R-valued semimartingales. Hence, for every T*M valued semi-
martingale (o), there exists a finite collection of real semimartingales {;},
and a finite collection of C*-functions {x'} on M such that

als) =2 a,(s) dxilX(s)'

DeFmNITION 3.2, (i) Suppose that a(s) is a T*M valued semi-
martingale and X is the M-valued semimartingale X(s)=a(a(s)). The
Stratonovich integral ja(éX > is the real valued semimartingale
Z=3 {fi(s)d(g'(X(s))), where {f;(s)} is a finite collection of real semi-
martingales, and {g'} is a finite subset C®(M) such that o(s)=
2 fi(s) dgilX(s)'

(ii)) Suppose that a is a smooth 1-form on M and X is an M-valued
semimartingale. The Stratonovich integral _fcx(éX > is the process jo? {0XD,
where d(s) = a| y;y—a T*M-valued semimartingale such that X(s)=7m-4.

Remark 3.2. The fact that j‘a(éX > is well defined is proved in [Em,
Proposition 7.4, Sect. (7.7), and Exercise (7.8)]. A direct proof of this fact



QUASI-INVARIANCE 291

may be modeled on the proof of the more general Theorem 6.24 of [Em].
Because [a(SX) is well defined it follows that |a{dXD>=fa{éX)=
[ ¥, 2;6(x'(X)), where we are now using the notation preceding Defini-
tion 3.2. This last expression for joc(cSX > is the ordinary Stratonovich
integral for [ &{6X) when X is viewed as an R"-valued semimartingale.

Remark 3.3. 1If a is a smooth 1-form on M, then again by the Whitney
imbedding theorem a may be written as a finite sum Y f; dg’ where the
functions {f;} and {g'} are smooth functions on M. For a=7} f;dg’, the
Stratonovich integral | a{8X) is given by 3 | f;(X) 6(g"- X).

The following easily proved elementary properties of these stochastic
integrals will be used routinely in the sequel.

PropoSITION 3.1.  Suppose that X is an M-valued semimartingale.

(1) Let a be a T*M-valued semimartingale above X (7o0=X), and
let Z be a real-valued semimartingale, so that n=2Z -« is also a T*M semi-
martingale over X. Then [ n{3X ) =[Z ([ a{dX)).

(ii) For fe C*(M), [ df<3X)=f(X(s)) - f(X(0)).

(iii) Suppose that ¢: M — Q is a C* mapping between two manifolds
and that v is a l-form on Q. Let Y= @(X) (a Q-valued semimartingale),

then j((p*ﬂ)(éX)=_[11<6Y>. This rule may be written informally as
@, 0X=0(po°X)

I will now recall some facts about stochastic differential equations and
stochastic parallel translation on manifolds, see [Em, Scl1-Sc3]. The
emphasis will be on the special cases used later in the paper.

DeriNITION 3.3. Suppose that Q is a manifold and X:R” - I'(TQ)
(a - X<{a)(-)) is a linear map. Given an R”"-valued semimartingale (w), a
QO-valued semimartingale (¢) is said to satisfy the Stratonovich stochastic
differential equation

0g = X<{ow>(q) (3.1)
iff for all fin C*(Q)

dif(g))=w/g)éw)  with w(g)<ad=df{X{a)(q)).
More precisely,

SN —1(go) = 3 [ (e als).N) w5, (32)

where {e;}7_, is the standard basis for R”".

i=1

580/110/2-4
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DEerFINITION 3.4. The support of the linear map X: R” — I'(TQ) is the
union of the supports of the vector fields X, = X<e,>, ie {1,2,...,n}. So X
is said to have compact support if each X; has compact support.

THEOREM 3.1. Suppose that (w, Q, X) are given as above and that X has
compact support. Fix a point q,€ Q, then there exists a unique solution to
(3.1) such that q(0)=gq,. Furthermore, if Q is an imbedded submanifold of
an open subset (V) of R", and X: R" —» I'(TV) is a linear map extending X
(that is, X{a)>(q)=X<ad(q) for all acR" and qe Q) then q is also the
unique solution 10 6q = X{dw>(q) with q(0)=gq,.

Remark 3.4. Theorem 3.1 is a consequence of the much more general
Theorem 7.21 in [Em], which is a consequence of [Em, Theorem 6.41].
Unfortunately, the proof of Theorem 6.41 contains an error. Namely, it is
assumed that the normal bundle to an imbedded submanifold is always tri-
vial. This is not in general true. For example, it is false if the manifold 1s
non-orientable or more generally if one of the Stiefel-Whitney classes of the
tangent bundle are non-trivial (see Milnor and Stasheff [MS, Lemma 4.27).
Because of this problem and the fact that the proof of this special case is
considerably simpler than the general case, a proof of Theorem 3.1 will be
included. Undoubtedly, the oversight in [Em] can be fixed—probably
using a modification modeled on the proof given below.

Proof. We start by first proving existence in the case that Q is an open
subset of RY. For the moment it is not assumed that X has compact
support. Write X;(q)=X<{e;>(q) as above. By It&’s lemma, ¢ solves
d0q = X{ow>(q) iff g solves the standard Stratonovich differential equation

dq =3 X,(q)ow"

This last equation may easily be transformed into an equivalent Itb
stochastic differential equation

1 0 o
dg=TX(q)dv'+33 (%) @t a')

o1 0 . ,
~T @ +3 T (35K) @ K@) ekl ()

ik

with initial conditions ¢(0)=g,. Therefore, by standard existence and
uniqueness theorems for equations of type (3.3) (with only minor modifica-
tions due to Q being an open subset of R" rather than all of R"), there is
a unique maximal solution ¢ to (3.3) with possible explosion at a predict-
able stopping time £. Furthermore the process ¢ is a continuous semimar-
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tingale on the stochastic interval [0, &), see Protter [Pr, Theorem §, p. 199,
and Theorem 38, p. 247].

Now to the general case. (Assume now that X has compact support.) By
Whitney’s imbedding theorem we may and do assume that Q is imbedded
in RY. We now use the notation in Theorem 2.4 with M replaced by Q.
Recall that E is the normal bundie to Q = R”", S is the zero section of E,
p: E— Q is the canonical projection, Y is an open neighborhood of Q
diffeomorphic to E, etc. Define a linear map X: R” — I'(T(E)) by letting
X<a>(e)=#{X<{a>(p(e))>(e) be the horizontal lift of X<{a)(p(e)) to e
for each ee E. (To define this horizontal lift just choose any connection
on E.) Then, for each aeR", geQ, and ecE, X satisfies: (i)
pyX<ay(e)=X<{a)(p(e})) and (ii) S, X<a)(q)=X<a)(S(q)).

By the special case proved above there is a unique solution with possible
explosion time ¢ to the equation de= X{dw)(e), with initial condition
e(0)=e,, where e, = S(q,)€ E. Define g=p-e, and é= S(q).

Claim. The semimartingale g=p-e solves dg=X{(dw)(q) and e=
é=S(q). Compute dq=p,de=p,X{ow)(e)=X{dw)(p(e))=X{ow)(q)
as desired where we used property (i) above. Now compute 6é =S, g =
S, X{ow)H(q)=X{dw)(S(q))=X{6w)(é) by property (ii) above. So by
the uniqueness of solutions to stochastic differential equations it follows
that é=¢, since é(0)=e(0) = S(q,). This proves the claim.

Because e = S(p(g)), it follows that e remains in the zero section of E for
all time. Let K be a compact subset of Q containing the support of X and
set K= S(K). It is now clear that e must remain in the set X for all time,
and therefore there can be no explosion. Thus ¢ =00 as. This proves
existence.

We now prove uniqueness and the last statement of the theorem.
Suppose that ¢ is any solution to the dg = X<{dw >(q) with ¢g(0)=g¢q,. Also
suppose that Q is an imbedded submanifold of V (an open subset of R")
and X:R"—>I(TV) is a linear map extending X. Since, geQ and
Xlad(q)=X{a)(q) for all g in Q, it follows that ¢ also satisfies
3g=X<{éw)(q) with g(0)=g,. But this equation can be converted as in
(3.3) to a standard Itd type equation which is known to have unique
solutions. So the solution g must be unique, and can be found by solving,
dq = X{éw)(q) with ¢(0)=gq,. QE.D.

In order to state and prove the stochastic analogues of Theorem 2.1 it is
necessary to discuss stochastic horizontal lifts or equivalently parallel
translation. The stochastic differential equation for parallel translation does
not quite fit into the context of the above theorem. So I will now treat
this special case. We will use the notation in Section 2—vecall that
n: O(M) - M was the principal O(n)-bundle over M of orthogonal frames,
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and @ was the so(n)-valued connection 1-form on O(M) constructed
from (V).

DErFINITION 3.5. A semimartingale u(s) in O(M) is said to be w-hori-
zontal (or just horizontal) if j w{déu)y =0 —abbreviated as w{du) =0.

DEFINITION 3.6. Suppose that ¢ is an M-valued semimartingale, then
an O(M)-valued semimartingale « is said to be a horizontal lift of ¢ if
(i) mou=o0, and (ii) u is horizontal (w{du) =0).

The next theorem is Proposition 8.13 of [Em] which guarantees the
existence of horizontal lifts. A fairly easy proof of this theorem may be
given using essentially only Theorem 2.4, Proposition 3.1, and Itd’s
formula. Because the notation and techniques of the proof will be needed
in Section 7, I will give a proof here.

THEOREM 3.2. Suppose that ¢ is an M-valued semimartingale and that u,
is a O(M)-valued Fy-measurable random variable such that mou,=a(0).
Then there is a unique horizontal lift (u) of 6 such that u(0)y=u,. (In all
applications u, will be the fixed base-frame in O(M).)

Proof. First use Whitney’s imbedding theorem to imbed M into a
Euclidean space (R™). Then choose a (Y, g, 7, V, I', P) as in Theorem 24.
For notational simplicity I will drop the bars from the notation. There is
no danger in doing this, since Theorem 2.4 guarantees that V=V, and
g =g on the domains of V and g, respectively. Recall that V=d+ 7 on 7Y
(when TY is identified with ¥ x RY) and P(y)=r'(y). (P throughout this
proof will denote 7’ and not the probability measure on (2, #).) Let
pro: YxRY > R” be projection onto the second factor, (-, -) denote the
standard inner product on both R” and R”, and identify the metric g, on
T, Y with the positive definite matrix g(y) such that g, {a, B> =(g(y)a, B)
for all o, feR". Since M = R” is an imbedded submanifold, TM can be
identified with

{(m,a)e M xR" | P(m)a=0},
and the frame bundle O(M) may be identified with
{(m, u)e M x Hom(R", R"): P(m)u=u, u"g(m)u =id},

see Lemma 2.4.

We now can easily compute w in this non-intrinsic notation. For this
suppose that U(s)=(o(s), u(s)) is a smooth path in O(M), then
U’ Yy=U"YVU/ds)=u"'(u'+ I'{a’) u), where ¢’ is the derivative as
a tangent vector in M, while «'(s)=lim,_, [u(s+¢e)—u(s)]/c is the
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Hom(R", R")-valued derivative. (Notice under all of our identifica-
tions that U’'=(¢',u,)e TM x T(Hom(R", R")). Therefore in general
(Vs A,)> =u"Y(A+TI{v, >u), where (v,,A4,)eTO(M), and u~'=
U| gan(p(my)- The form w may easily be extended to a smooth form (&) on
all of ¥ x Hom(R", R") by setting

OO, A,)> =u” " P(m)(A + v, ) u)=u"g(m)(A+ I{v,,) u).

Suppose that U(s) is an O(M)-valued semimartingale. In this extrinsic
notation U(s) = (a(s), u(s)), where ¢ is a R"-valued semimartingale and u
is a Hom(R”, R")-valued semimartingale such that a.s.:

(i) o(-)eM;
(i) Plo(-) u(-)=u(-);
(iii) and u"g(o)u=id.

The condition that U is horizontal (w{éu)> =0) translates to
0=<d(a,u)) =u "P(a)(6u+I'{dc) u)
or equivalently to
0=u"g(c)(6u+ I'{do> u).
Either one of these last two equations is equivalent to:
(iv) P(o)(du+TI{éc> u)=0.

Claim. Let Q(m)=I—P(m), then under conditions (i)-(iii) above
Qo) ou+ I'(éo> u)=0.

One way to verify the claim is just to notice that the form
V{0, A,> =Q(m)(A+ I'{v,,» u) is identically zero on TO(M), and that
Q(a)(6u+I'{éc) u)=v{SU) which must be zero, since Stratonovich
integrals are intrinsic objects. Alternatively, one could use Eq.(2.15) of
Theorem 2.4 as follows. Because of (ii), Q(¢)u=0 and hence

0Q(0)-u+ Qo) du=0. (34)

But by (2.15)
8Q(6)= —8P(6) = —dP{86 % =TI{8c> P(c)— P(c) I'{Sc,

so that
0Q(0)-u=I{d6)u—P(a) I'{6c) u=Q(c) I'{Sc> u, (3.5)

where (ii) was used once again. The claim clearly follows from (3.4) and
(3.5).
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As a consequence of the claim, condition (iv) in the presence of condi-
tions (i)—(iii) is equivalent to

(iv')) ou+I{da)u=0, (3.6)

because P(¢)+ Q(c)=1d. Therefore in order to find a horizontal lift we
need only find a Hom(R”, R")-valued semimartingale satisfying conditions
(i)-(iii), and (iv') above with u(0) =u,. At this point we have no choice but
to define u as the unique solution to the linear Stratonovich differential
equation (3.6) with initial condition u(0)=u,.

Remark. One may expand (3.6) into the It6 form to get
du= —TI'(0){do)y u+3[I'(0){da) I'(6){do) —I"(0){do,do)]u
(If the notation is not clear see Corollary 8.3 below.) Thus if

= —f]“(a)(da) + %j [I(6){do) I'(6){do) —I'"(c){do,do}]

(a Hom(R”, R")-valued semimartingale), then (3.6) is equivalent to the
linear stochastic differential equation du=dZu. By Theorem7 of
[Pr, p. 197], the equation du=dZu with u(0)=u, has a unique solution,
and hence so does (3.6) with u(0) = u,. Furthermore, this solution () is a
semimartingale.

It now remains to show that this solution u satisfies conditions (ii)
and (iii) above. This is where the choice of a nice covariant derivative
in Theorem 24 comes to play. Recall from Remark 2.7 that the
Hom(R”, R")-valued 1-form n=dg—gl — I'"g defined on TY is identi-
cally zero. (For the proof, it suffices that # vanishes on TM.) Now by
assumption u,€ O(M), so v=u"g(c)u=id at s=0. Therefore to show
codition (iii) holds (v =id), it suffices to show that Jv =0. Write g, for g(o)
and compute

ov=ou"g,u+u" dg, u+u"g, ou
= —u'"T""{dc> g,u+udgldo)u—ug,I'{Sc)u
=u"[I""(0) g, +dg{bc) —g,I'<d67] u
=u"n{éc ) u=0,
where we have used (by definition) that dg{dc ) = d(g()), the differential
equation (3.6) for u, the differential equation for u* (the transpose of (3.6)),
and the fact that n=0.

Let w= P, -u, where P, = P(g). To show that condition (ii) holds, we
must show that w=u Since w(0)=u(0)=u,, it suffices—by uniqueness



QUASI-INVARIANCE 297

of solutions for linear stochastic differential equations—to show that w
satisfies the same differential equation as w, ie., that ow+ I'{(dc) w=0.
For this just compute dw + I'{dc > w,

dw+I{é6)w=0P,-u+P,-ou+1{éa) P,u
=dP{bcy>u—P,I'(ba)u+I{0c) P,u
=[dP—P.-I't+T-P1{éc)u=0,

where the last equality is a consequence of Theorem 2.4 which guarantees
that the Hom(R", R¥)-valued i-form [dP — P-I'+ I'- P] vanishes on TM.
Q.ED.

Notation 3.1, Let M, HyO(M ), and ¥ R” denote the spacc of based

IVI leUCU bCllllllld,l llllgdlcb blal llllg dl. (XS lVI uuuz,uxu.a,x U\IVI} v.:uucd bCllll'
martingales starting at u,e O(M), and R"-valued semimartingales starting
at 0 e R”, respectively.

The next theorem, which is the analogue of Theorem 2.1, establishes a
1-1 correspondence between the three sets M, H¥O(M), and ¥ R".
Recall the canonical 1-form (9) on O(M) is O]VPT\ hv QESN=u"n. ¢

[OCAlL IO Callolllcal 1=-10010 o1l cll NSy / kDu

for all £, in T,0(M), and for acR” the horlzontal vector-field B<{a) at
ue O(M) is defined to be the horizontal lift of uae TM to T,0(M).

THEOREM 3.3. Define the maps H. M - H¥O(M), n: H¥O(M) -
FM, I FR* - HFO(M), and I™': H¥Y O(M) - ¥ R" as follows. Let H(o)
be the horizontal lift of 0 € ¥ M to O(M) starting at u,, and n(u)=mnou. For
be S R", let I{b)=u be the solution to the Stratonovich differential equation
Su=B{(bY(u) starting at w(0)=wu,. Finally for ue H¥O(M), set
b=1 "(u)={9¢du). Then H and m are inverses to one another as are I
and I~

Proof. Tt is clear by the definition of H and =, and the uniqueness of
horizontal lifts that 7o H=id on &M and Hen=id on HYO(M). Now
I 1o I(b)={ 3<¢u)y = 9<BLobY(u) ), where u=I(b). But §<{Bad(u))
=q for all @ in R” and u in O(M), so that I~ 'c(b) jdb b. (If the
reader is not convinced, he/she should write 3=3 f,dg' and redo the
argument—the proof amounts to unwinding definitions.)

Suppose that b = I '(u) = [9(éud>. We wish to show that
ou= B{b>(u). More explicitly, it must be shown for all fe C*(0O(M)),

d(f(u))=(B(u) )<8b) = (B(u) f){d | 8<ou) > = #;(oup, (3.7)

where (B(u) f)<a) = B{a)(u)f and #,{,) = (B{ILL,) >(u)) f. For ¢ in
TO(M) define V¢ and H¢ to be the vertical and horizontal components
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of ¢, respectively, then #,{&>=df{HE). Let ¥, (&{>=d(VE)=
df{u-w{&>>. Since {E=HE+VE for all &€ in TO(M), it follows that
df = #,+ ¥ ;. (Notice that #; and ¥ are both 1-forms on O(M).) There-
fore, for any O(M)-valued semimartingale we have that

d(f () = df (Buy = Houy + ¥ (Su . (38)

Therefore (3.7) will be a consequence of (3.8) provided that ¥, {du) =0
when u is a horizontal semimartingale. By choosing a basis {T,} for so(n),
we may write o= 0T, and ¥,=) g,0° where g (u)=df{u-T,)
(recall u - T = (d/dt)|, ue'™ for T e so(n)). Therefore assuming u is horizontal,

[ #7600 =% [ 8.0 0) o> = X [ .01 6 [ w"cou ) =0,

by Proposition 3.1(i), and the fact that w*{du) =0 for all a. Q.E.D.

Remark 3.5. Equation (%,8) is a stochastic analogue of (2.7). This may
be mﬂade more explicit. Let T, be the vertical vector fields on O(M) defined
by T, (u)=u-T,. For ueSO(M), set w={|3(éu) then (3.8) may be
written as

Su=Y w*(oud T,+Y éw, B(u), (3.9)

to be interpreted as 8(f(u))=3, (T, (1) f) 0*(dud + ¥, (B:(u) f) ow, for
all fe C*(O(M)).

To end this section, the reader is reminded of the definition of an
M-valued Brownian motion starting at o€ M and its relationship to the
standard Brownian motion on R”.

DeriNiTION 3.7, Let (M, g, V) be a Riemannian manifold equiped with
a g-compatible covariant derivative V. The Laplacian with respect to V is
the second order elliptic differential operator (4) on C*(M) defined by

Af=sp(Vdf) =Y.V df{E;, E> =) {E]f—df<V5E)},

where {E,} is any local orthonormal frame.

It will be useful to record the following method for computing A4f.

LemMma 3.1. Suppose that fe C*(M) and a, be R” then

(i) (B<a) BEb) fom)(u)=(V df ) ua, ub);
(ii) X, B?(fom)=Afon, where B,=B{e;> and the e, is the ith
standard basis element for R”.
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Proof. (i) B(bMu)fon=df{m,B{bXu))=df<{ua. Thus
(BLa)y BEb) fom)(u)=(d/ds)lo df (e*®“>(u)-b).

Let Y(s)=e*®“>(u)-b, a tangent vector field along the curve a(s)=
n(e*#<**(u)). Therefore,

d
(BLa) BLb) fom)(u)=— Odf< Y(s)>

Y
=V 4o 0), YOy + 4 (G 0))

= (Vdf)(m,B<a)(u), ub) = (V df }ua, ub),

since Y(s) is a parallel vector field along o.
(ii) Leta=hb=e;in (i) and sum on i. Q.E.D.

DerFINITION 3.8. An M-valued semimartingale (s,) is a Brownian
motion iff for all fe C*(M), there is a real-valued local martingale M/
such that d(f(a))=dM’ + 1 4f(c) ds.

The following theorem restates [ Em, Proposition 8.26(iii) ] which relates
the standard Brownian motion on R” to Brownian motions on M. I will
only give the easy direction of the proof here. The reader is invited to give
a non-intrinsic proof of the other direction using the ideas and notation in
this section.

THEOREM 3.4. Let o be an element of ¥ M, then o is a Brownian motion
iff b=1""cH(o) is a standard Brownian motion on R".

Proof (Easy Direction Only). Assume that b is a standard Brownian
motion on R", and set u=1(h) and ¢ =mou. By definition of u satisfying
du= B{b)(u), for any Fe C*(0O(M))

8(F(u))=B{db)(u)F+ 5} (B;B,F)(u) d[}', b']
= B{dbY(u)F+1 Y (B2F)(u) ds.

Now if F=fon, where fe C*(M) we have by Lemma 3.1(ii) that
Y (B} F)(u) = Af>n(u), so that the above equations becomes

df(c) = B{db>(u)F+ 1 4f(c) ds.

This shows ¢ is an M-valued Brownian motion, since | B{db)(u)F=
Y| (BLe,»(u) F) db, is a martingale. Q.ED.
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4. ESTIMATES AND DIFFERENTIABILITY

In this section and for the remainder of the paper it is assumed, as in
Section 3, that (2, #, {#},5¢, P) is a filtered probability space satisfying
the usual hypothesis. We further assume that this probability space
supports an R"-valued Brownian motion {b(s)},. o ;7 With respect to the
Filtration #,. For example, take Q= W(R"), P=Wiener measure,
b(s): 2 - R" to be given by b(s)(w) = w(s), and &, to be the augmentation
by all P-negligible sets of the g-algebra generated by the maps b(s") for
s’ < s. Alternatively and more geometrically, we could take Q = W(M), P 1o
be the Wiener measure on W (M)c W(M), %, to be the augmentation
by all P-negligible sets of the o-algebra generated by the maps
6, (s w)=w(s) (we W(M)) for s <s, and b=1""'cH(s,). Notice that
Theorem 3.4 guarantees that b is a standard R”-Brownian motion. (See
Section 8 for a more detailed discussion of these two examples.)

It is now useful to restrict the class of semimartingales to “Brownian
semimartingales.” But first a word on notation and conventions. In the
sequel we will be interested in processes (X(z, s)) indexed by s€ [0, 1] and
reJ or R, where J=[—1, 1]. These processes will usually be C"° as a
function of (7, s)—that is, P-a.s. the map (¢, s) > X(z, s) is differentiable in
the r-variable and the derivative X(v, s) is jointly continuous in (¢, s). Typi-
cally for each re R, the process X(¢)= X(t, -) will be a semimartingale. The
following conventions on the differentials of such two-parameter processes
are strictly followed in the sequel.

Standing Conventions. For each re R, let X(¢) be a semimartingale in
the suppressed s-variable, i.e., {X(£)(s)},c [0 17 1S an Z-adapted semimar-
tingale. Then dX(t) (6X(t)) denotes the It (Stratonovich) differential of
X(1) with respect to the suppressed s-variable. So if {¥Y(7)},. is another
one parameter family of semimartingales, then

f Y(¢) dX(t) is the process s — r Y()(s') dX(e)(s")
and

j Y(r) 8X(1) is the process s - jo Y(e)(s') dX(£)(s') + LY (), X(1)](s).

DermNiTiON 4.1. (a) Let V be a finite dimensional vector space and
Hom(R", V) be the finite dimensional vector space of linear operators
from R” to V. A V-valued process (w) is a Brownian semimartingale if w
is a continuous Z-adapted process such that there exists a continuous
adapted Hom(R", V) x V-valued process (O, «) such that w(s)=w(0}+
K 0(s’)db(s’)+jf) of(s’) ds’. In the future we write this as w=w(0)+
fOdb+[ads. ’
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Remark 4.1. Assuming that w(0)=0, the map (0, a)>w=[0db+
[ o ds is injective. Indeed, if w= O db+ |« ds =0, then the finite variation
part ([ads) of w is zero and so x=0. Also the quadratic variations
[Aow, lew]=[3,[Ac0e;]* ds=0, where ie V'* (the dual space of V)
and {e;} is the standard basis for R”. This shows that A. O =0 for all 4 and
so O =0. (Of course this is true up to indistinguishability, a comment that
will usually be omitted in the sequel.)

DerINITION 4.1. (b) Let Q be a manifold, then a Q-valued semimar-
tingale (X) is said to be a Brownian semimartingale iff o X is an R-valued
Brownian semimartingale for all fe C*(Q).

The proof of the following proposition is easy and is left to the reader.

ProrosITION 4.1. (i) Suppose that X is a Q-valued semimartingale
where Q is an imbedded submanifold of R™. Then X is a Brownian semi-
martingale in R” in the sense of Definition 4.1(a) iff X is a Brownian semi-
martingale in Q in the sense of Definition 4.1(b).

(ii) Suppose that ¢ is an M-valued semimartingale, u= H(a), and
w=I"Yu)=1""'oH(c), where I, H, and ™" are as in Theorem 3.3. Then if
any of the processes X, u, or w is a Brownian semimartingale then so are the
remaining two processes.

Before starting on the estimates, it is necessary to introduce a number of
different norms. First a convention. If V is a finite dimensional vector
space, then |v] will denote the length of v with respect to some norm (|-|)
on V. Since V is finite dimensional, it will in general not matter which
norm is chosen, and this choice is left to the reader if the norm is not given
explicitly. For the following standard vector spaces it is convenient to make
the following choices of norms.

Notation 4.1. (i) Uf A is an nxm matrix, we put [A| =tr(4*4)"* =
the Hilbert-Schmidt norm.
(ii) If ae R", |a| will denote the standard Euclidean length of a.

(iii) Suppose that (B, |-|) is a normed space and f: [0, 1] — B, define
S¥=sup{|f(r)|:0<r<s} and f* =/} We also write |f|,, for f}

DerINITION 4.2, Suppose that f; is a continuous adapted stochastic pro-
cess taking values in a normed space (V). For pe [1, «), define || f| sr(,) =
I/ LP(P)» and | flls. = ”f”sp(n = ”f,IkHLP(P)' Also let S”(V) or just S? stand
for the space of continuous adapted processes f, e V such that ||f] s, < co.

For spaces of Brownian semimartingales it will be convenient to define
two types of norms.
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DErFINITION 4.3. Suppose that w=[Odb+[ads is a V-valued
Brownian semimartingale and that pe [1, co]. Define

5 172 K3
(i) uwnf,men[jo ;O(s')Vds'] ] lsas | (1)

LP(P)

and
(1) Il oesy = 1O sp(s) + N1l sy (4.2)

Again set Wl g = Wl go1)> (Wl ar = Wl gar). Also let H?=H?(V) and
B? = B”(V) denote the set of V-valued Brownian semimartingales such that
Wl s < 00 and || w| g» < 00, respectively.

LemMA 4.1 (Basic Inequalities). Let r, r', pe[2, o] such that 1/p=
1/r +1/r'. Suppose that w is a V-valued Brownian semimartingale and Z is
a Hom(R", V)-valued continuous adapted process (more generally just locally
bounded and predictable); then:

(i) (Burkholder's inequality) For pe[2, o), there is a positive
constant c,, such that for all s€ [0, 1], Wl sy <c, W trogs)s
(i) Wl e < Wl ge;
(iii) (Emery's inequality) | § Z awll yr <N Zll s - W] 275
(iv) For all sin [0,1],

I

< Il || PUZN7) ds

HP(s)

<D0y | 120G ds

v) I Zawlg <IZlls (w5

Now assume that Z is also a Brownian semimartingale and r, v', p€ [2, )
such that 1/p=1/r+ 1/r'; then
(iV’) ” j ZdW” HP(s) \ C “W” B (s) 50 ”Z” HP(s') dsl;
V') f Zawiige <c 1 Zl g Wl o < 121 g Wil ars
(vi) there are constants c,, , such that | Zwl g <c, (1 Z| g Wl pr;
(vii) If Z is a process which is P-a.s. absolutely continuous with respect
to ds, then | Zwl| g <N Z'l 5= Wl so + | Z]| s W]l 5o-
Proof. (i) See Stroock [Stl, St2].
(ii)) This one is trivial and is left to the reader.
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(iiil} The proof of a more general form of Emery’s inequality may be
found in Protter [Pr, Theorem 3, p. 191]. I will give a short proof for this
special case. ,

By definition of |||lyr, [ Z dWll 4o =1ZO| 2+ |Za| 11| ocpy where
|f1x=[§o | f(s)* ds]"%. Therefore,

<|Z*- [10],:+ |°‘|L1] ”LI’(P)

H?

< HZ*”L’(P) O L2+ o] ool L' (P)

=

=Zlls - Wl ars

where Holder’s inequality was used in the second inequality.

(iv)

= || |ZO|L2([0, 51 + |Z°‘|L1([o, 5] “LP(P)
HP(s)

HJZdw

< ” |ZO|L2([0,s)] + |Z°‘|L2([o,s]) || LP(P)
< ”W”B“’(x) [1Z] L([0, 5)] l LP(P)"

Now

K] p/2 s
1210V =P | [[ 1260205 | <[ [ iz a |

by Jensen’s or Holder’s inequality. Finally
p| [z as <[ Pz as = [ 121G, a5
0 0 0

The estimates in (iv) now easily follow from the last three displayed equa-
tions.

(v) By Holder’s inequality, |ZO|s <|Zlls |Olls-, and [Zal s, <
IZ|| s |}l s». Therefore

= 20| s» + 1 Zals» <121 LION s + ol s 1= | Zl 5 Wl 5,

BP

H'[Zdw

as claimed.

The statements in (iv’) and (v’) follow immediately using (i), (ii), (iv),
and (v).

To prove (vi) and (vii), write Z=jA<db>+jyds, where A i1s a
Hom(R", Hom(R”, V))-valued process and y is a Hom(R", V)-valued
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process. Using the definition of ||-||z» and basic stochastic calculus one
finds that
1Zwllgr =114 > w+ZOls» + llyw + Zo+ A - O 5, ()

where 4-0=3"_, A{e;) Oe,;. Using Holder’s inequality on (*) it is easy
to deduce that

1Zwl gr SN Zll s Wl 5 + 1121 - [ Wl s + [ All s [ Ol s
<N Zl e Iwlsr + e [ Z1 g 1wl g + 121 Wl 5

which proves (vi) with ¢, , =¢,+c¢,.+1. (The actual size of ¢, , will
depend on the choice of norms put on the spaces ¥, Hom(R", V), and
Hom(R”, Hom(R", V)).) Assertion (vii) also easily follows from ().
Indeed, we now are assuming that 4 =0 and y=Z' so that (*) reduces to

|Zwll go = | ZO|l sr + | Z'W + Zal| 5»,

which clearly implies (vii). Q.E.D.

LEMMa 4.2.  For each finite dimensional vector space V, and pe[1, o],
the spaces S*(V) and BP(V) are Banach spaces.

Proof. First note that as a normed space B?”(V)~ S?(Hom(R", V))®
S?(V), so it will suffice to show that S?(¥) is a Banach space. Now it is
clear that S”(V) is a normed space, so that only completeness remains to
be verified. For this suppose that {f,}>_ ,cS?(V) with 3, |f,lsr=
Y IF M Loy < c0. Since, L?(P) is complete, it follows that 3", f ¥ exists in
LP(P), and in particular P-as. >, f¥< 0. Therefore P-as. f=3,f,1s a
continuous function. By Holder’s inequality, the monotone convergence
theorem, and the fact that f*<>, f¥ P-as., it follows that [ f] s <

> 1l sp < o0 so that fe SP(V). Similarly,

S 7

n=~N+1

o0

< X Wls,

SP n=N+1

-2

S?

o0

and this last expression tends to zero as N — oo. Therefore f=3_, f, in
S7?, and so S?(V) is complete. Q.ED.

The next theorems will be used in proving existence, regularity, and
differentiability of solutions to (1.5) and (1.7). But let us first record
Gronwall’s inequality in the form that it is used in this paper.

LEMMA 4.3 (Gronwall’s Inequality). Suppose that Y(s), e(s), and n(s)
are non-negative functions on [0, o) such that

Wis)< [ nie) w(o) de + 5(s), (43)
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then
W(s)< J n(z) e(t) exp { j n(u) du} v + e(s). (4.4)
0 0
In particular if n and ¢ are constants then (4.4) reduces to
Y(s) <ee™. (4.4")

THEOREM 4.1. Let X: R" — I'(TR") be a linear map with compact support
as in Definition 3.4. For convenience write X(q)a for X{a>(q), and X,(q) for
X<{e;»(q), where {e;}7_, is the standard basis for R". Assume that w and w are
two Brownian semimartingales in B* = B*(R") with canonical decomposi-
tions w=[{Odb+[ads and w=[Odb+[ads. Let q,eR" be fixed, and
define q and § to be the solutions to the 1td stochastic differential equations
dqg=X(q) dw and dq = X(q) dw, respectively, with initial conditions q(0)=
4(0) =q,. Then for pe [2, o), there is a constant K, = K, (W] g, |W| 3=, X)
such that |~ Gl n < K, | w— w0 and g — G| go <K, | — 9], go

Proof. Since X has compact support, there is a constant C such that
| X(g)— X(g)| <Clg—ql| and | X(q)| < C for all g and g in R". Also because
X has compact support, the processes ¢ and ¢ remain inside any ball con-
taining the support of X and the initial starting point ¢,. Let Q=¢q— g,
then

dQ = (X(q)— X(g)) dw + X(q) d(w —w). - (4.5)
Hence,

QU ey < Il o | 1K) = X (@) Gy 5"+ C =01

<CIwlge- | 10 Gy ds' +C =il

HP(s)

14
HP(s)’

5
<CIWIGe ¢, [ 10150, ds'+C lw—
0

where Lemma 4.1 parts (iii) and (iv) were used in the first inequality, and
(i) in the last. It now follows from Gronwall’s Lemma (Lemma 4.3) that
there is a constant K, such that g — gl 4» <K, |[w— W] 5.

We may now compute | Q| g» using (4.5) and Lemma 4.1 repeatedly:

1Q1l 5> = 1l(X(g) — X())O + X(§)(O — O)| 5
+ 1(X(g) — X(§))o + X(g) (e — &) 5
<C|O|ls=1Qlis» + C IO —Ollsp+ C llatll s= [1Qll sp + C llot — ll v
=Cwlp=1Qllsr + C llw—wl 5
<C{c, IWlp= 1Qllsir + llw— Wil 5o}
<K, {Iw =Wl ps+ Ilw— Wil g} K, W= W] ps,

as claimed, where K, has been increased in size appropriately. Q.E.D.
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CoroLLARY 4.1. Let Q be a compact manifold which is assumed to be
imbedded in R" for some N. Suppose that X:R" — I'(TQ) is a linear map
of R" to the smooth vector fields on Q. Let w={Odb+[ads and
w= j O db+ j & ds be two Brownian semimartingales in B*(R") as above, q,
be a fixed point in Q, and q and g be the solutions to the Fisk—Stratonovich
differential equations dgq= X(q)dow and dq= X(q)éw, respectively, with
initial conditions q(0)=g(0)=gq,. Then for 2 <p< o0, there is a constant
K,=K,(IWligo, |Wllg=, X) such that |lg—qllu, <K, |w—w|y,, and
lg—qllge <K, |lw—wW| g, where the norms on Q are determined by the
imbedding of Q into R".

Proof. We make use of the imbedding of Q in R" to write the
Fisk—Stratonovich differential equations non-intrinsically as It6 equations.
First extend X to a linear map from X: R” - I'(TRY) in such a way that
X has compact support. Then the equation for ¢ may be written non-
intrinsically as

dg =X(q) dw + 3. X'(q)<dq> dw = X(q) dw + 3 X'(q)<X(q) dw dw

=X(g)dw+1 Y. X'(q)<X(q) Oe,> Oc,ds

i=1

=X(q) dw+ Y(q)[O® O] ds,

where Y(q)[A® B]=(1/2)X"_, X'(¢){X(q) Ae;> Be/—a smooth vector
field on R" with compact support. Here 4 and B are in End(R") and {e;}
is the standard basis for R”. Let ¥'=End(R")® End(R"). The corollary
follows from the above theorem with X replaced by X: R”x ¥V — I'(TR")
given by X(g)(a, v)=X(q)a+ Y(q)v (acR" and veV), and w and W
replaced by W and W defined to be W(s)=(w(s), | O® O ds) and W(s)=
(w(s), | O® O ds), respectively. Q.E.D.

The next lemma is a version of Kolmogorov’'s Lemma which will be used
often in the sequal, see [ Pr, Theorem 53, p. 171, and Corollary, p. 173].

LemMMa 4.4 (Kolmogorov's Lemma). Let p>1 and V be a finite dimen-
sional vector space. Suppose [J=[—1,11->8?(V) is a K-Lipschitz
Sfunction, ie., |f(t,)—f(t )]s <Kty —t,]| forall t,,t,eJ=[—1,1]. Then
there is a version of f such that P-as. (t—f(t)):J-> W(V)=C([0,1], V)
is continuous. In particular, there is a version of f such that
(£, s) = f(1)(5)): Ix [0, 1] = V is P-a.s. continuous.

LEMMA 4.5. Let p>1, and suppose that q:J— SP(RY) is an || -
differentiable function and the derivative (q) is K-Lipschitz on J. Then there
is a version of q such that P-a.s. the function (¢, s)— q(t)(s) is C"°.
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Proof. First notice that the hypothesis implies ||¢| s, is bounded on J.
Therefore, using the fundamental theorem of calculus in the Banach space
S?(R™) one finds

[“aa

2

la(t) — gt s < ‘

sP

n
<[ 1ans ar| <Cle )

(5]

So by Kolmogorov’s Lemma, we may choose a version of ¢ and ¢ such
that P-a.s. the function (¢ — ¢(¢)) and (¢ — g(¢)) is sup-norm continuous in
W(R"™). Assume that t>0 (<0 -may be handled similarly) and let
H={0=t,<t,<t,< --- <t =1t} denote a partition of the interval [0, ¢],
and set I;(§)=X%24 ¢(;)(t;, . — t,). Again by the fundamental theorem of
calculus and the definition of the Riemann integral,

g()=q(0)+ lim I,(q) in  S?(R").

mesh(/7) - 0
By the definition of | -|| s, this implies that

im q(£)—¢(0)—I;(§)l =0 in L"(P),

mesh(77) - 0

where |-|,, denotes the sup-norm on W(RY). Therefore, by choosing an
appropriate sequence of partitions I7, with mesh(II,) -0 as k— o, we
can assume that

Jim g(1)—g(0) =1 ()l =0 P-as.
In particular this implies off a fixed null set independent of s,

klirrio lg(t)(s) — q(0)(s) — I 7,(§)(s)| =O0.

Therefore, by the definition of the R-valued Riemann integral we find, off
a fixed null set, that

a(1)(s)=g(0)(s) + [ 4(x)(s) .
But, this clearly implies that g is P-a.s. C!°. Q.E.D.

THEOREM 4.2. Let w(t)e B*(R"} for each t in J and assume C,_ =
sup, ., Iw(z)l o < 0. Assume for each pe[2, ©):

(i) the map t —> w(t) is continuously differentiable into B?;
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(ii) there is a constant K' such that |w(t)—w(t')|g. <K' |t—¢'| and
W (e) —w(t') g» <K' |t — 1| for all t, ¢ € J.

Suppose that X: R" — I'(TR") is a linear map with compact support, q,€ R
is a fixed point, and for each t let q(t) be the solution to the Ité stochastic
differential equation

dq(t)=X(q(t)) dw(t)  with q(1)(0)=gq,. (4.6)

Then there is a version of q(t) for each t, such that a.s. the process (t — ¢(t)):
J = W(RY) is continuous. Furthermore this version of q is a.s. C*°, the map
t > q(t) is differentiable into B? for each pe[2, ©), and ¢(t) is a Brownian
semimartingale satisfying the stochastic differential equation

dg(1) = X(q(1)) dw(1) + X'(q(1))<4(t) ) dw(t). (47)

Finally for each pe[2, ), there are constants K,=K,(C,,, K', X) such
that
lg(t) —q(t' W g < K, [t —1'], (4.8)

and
lg(t) —g(£ ) g < K, [t —1']. (4.9)

Proof. 1In this proof K, will denote a generic constant depending only
on p, C,, K’, and X. The value of K, will vary from place to place.

According to Theorem 4.1, there is a constant K, such that
llg() = q(¢)l g < K, IIw(#) —w(t') g» < K, |t —¢'| which proves (4.8). By
Burkholder’s inequality (Lemma 4.1), |lg(t) —q(¢')lls» < c, llg(2) — q(2')l 8-,
so that [lg(¢#)—q(¢')lls» <K, [t —'|. Therefore by Kolomogorov’s Lemma
(Lemma 4.4), there is a version of g(z) such that as. (1 — g(¢)): J - W(R")
is continuous, and hence the map (¢, s) = q(f)(s) is also continuous P-a.s.
We now take ¢(t) to be such a continuous version.

Let () denote the solution to the stochastic differential equation

dg(1) = X(q(2)) dw(t) + X'(q(1))<4(1)> dw(t)  with 4(0)=0, (4.10)
where ¢q(¢) is the solution to (4.6). (I do not claim yet that § is the
derivative of g.)

Remark 4.2. Note that Eq. (4.10) has global solutions. To see this fix
tand let W(t)=[ X'(q(2))<- ) dw(r), so that W(z) is a Hom(R", R")-valued
Brownian semimartingale. Also set J(f)={ X(g(t))dw(s). With this
notation Eq. (4.10) may be rewritten as

§()=J(1)+ [ dw(r) d(0) (4.11)

to which one may directly apply [Pr, Theorem 7, p. 197].



QUASI-INVARIANCE 309

We now proceed by proving the following assertions:

(i) both sup,., I4(¢t)| 4> and sup,., 4(t)l|z> are finite for all
pe[2, )

(ii) there exists K, such that [§(¢,)—g(t:)l pr <K, It —t;] for
t, 1 eJ;

(iii) there exists K, such that [g(¢,)—qg(t:))llp <K, [t;—1;] for
ty, 1 €J;

(iv) ¢ is the derivative of ¢ in the ||| ,;» norm;

(v) ¢ is the derivative of ¢ in the ||| 3, norm.

Step (i). By (4.10) and Lemma 4.1(iii) and (iv’) one finds that
1)1 sy S C IR 2y + € WIS f 1)) 25y,

where C is a constant depending on p, and the sup-norm of X and its first
derivatives. If we knew |4(¢)| z»,) were finite for each s, then it would
follow from Gronwall’s inequality that ||§(¢)]| 5» < K(C |[W(2)| go, C I|W(2)] g),
where K is a function increasing in its arguments. This technicality is easily
overcome by replacing §(z) by 4(¢1)” where o is the first exit time of the
process §(¢) from a large ball. (It then follows from (4.10) that [[§(2)°|| 4,
is also bounded.) By the same argument above it follows

I iy < € DY iy + C IR G- | 1407

< CIHON iy + € IO G- [ 100N, s

for which Gronwall’s inequality vyields (g(#)°]] y» < K(C |[W(8)| yr>
C Jlw(?)) g»), independent of the stopping time a. Finally, letting the size of
the ball tend to infinity, it follows that [|¢(¢)|| 0 < K(|W(D)] 4o, |W(D)]] g=)
which is bounded since |W(¢)|| - < |W(2)| 5> and ||w(?)| g~ are bounded by
hypothesis.

Now it is easy to estimate [[§(?)] g» from (4.10) using Lemma 4.1 to find

gl e < CLIWN 5o + 191l 5r Wl g} < CLNWN 5o + €, 1 e W 57 3

where 1/r+ 1/r'=1/p. This shows that ||§(z)| g- is bounded, since it has
already been shown that ||¢|| ;- is bounded and by hypothesis ||W| z> and
|w| g~ remain bounded. _

Step (ii). In order to simplify notation, write g, for ¢(¢,), ¢, for 4(¢,),
w, for w(z;), and w, for w(¢,) for i=1 and 2. Using the differential equation
(4.10) for ¢(t), we have
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d(g,—§.)=[X(q:) — X(g2)] d, + X(q5) d[W,~W,]
+ [X'(1)<4:> — X'(92)<42> ] aw,
+ X'(g2)<g>> dlw, —w,]. (4.12)
From (4.12) and Lemma 4.1 it follows that
1G2— Gyl trogs) < NX(q1) = X(g2) sy 11
+ 1 X (@) sy W1 — W ll 7y

+| [ @D - X1

HP(s)
+ “X’(‘I2)<q.2>||s'(s) [w, — Wz]HH"(s), (4.13)

where 1/r+ 1/r' = 1/p. Using the given estimates on w(t), w(t), the fact that
X is globally Lipschitz, |Xj and |X’| are uniformly bounded, the estimate
that ||¢|| o < C < o0, Eq. (4.8), Lemma 4.1, and Theorem 4.1, it follows that
the first, second, and fourth terms on the right hand side of (4.13) are
bounded by a constant times |f, — ¢,]. Thus

s
HP(s)

[ tX@<an = X(g)<a: 1 dw,

Ngz2—Gill ooy <K, [t;—t1 ] +
and so using Lemma 4.1(iv)
Id2~ Gl oy <K 12— 1417
+KJ0 1X'(q1)<41> — X'(42)4q2)ll g5, dS" (4.14)
Because X is C* with compact support it follows that
1X7(41)<41> — X'(42)4201 < 1X(¢:)<q1 — 20| + [ [X"(91) — X'(q2)] {42
<Cldi= 2l +Clgi = g2l 14al- (4.15)
By (4.14), (4.15), and the inequality
1g21 19y — g2l s» < G2l s g1 — g2 Il s~
<S¢ 1920lar gy — g2l s < K, |8 — 15,
where 1/r+ 1/r' =1/p one finds

s
142 = 41 W nio <K 12 = 1217+ C | 1= 2y

<Klt,—t,|"+c,- cfo ldy—dall ey 5. (4.16)
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Gronwall’s inequality applied to (4.16) shows |g,—¢,l%,<K,[t,—t;],
which completes step (ii).
Step (iii). By (4.12) and Lemma 4.1,

ld2— 1 e < 1X(a1) = X(g2) s 19, 1
+1X(g2) s Iy — o | 5
+1X'(g)<dr> = X'(@2)<d2d s 1w, 11 5
+ X (g2)<dx D5 1wy =Wl (4.17)

where again 1/r + 1/r' = 1/p. Using similar arguments as above it is easy to
see that the first, second, and fourth terms on the right hand side of (4.17)
may be estimated by a constant times |f, —¢,|. The third term in (4.17)
may be estimated with the help of Lemma 4.1 as

1X(q1)<q1> — X' (¢:)<q2> |5 W1l 5
SCHg2— g1l + 1421 - 191 — g2 || s
<Ce, g2 =gl + 142 llst - lg1 — g2 [l sv
<K=t +ck-co llg2ll e g — g2 |l e
<K, |t,— 1],

where 1/k + 1/k" = 1/r. Hence, putting all the estimates together shows that
g2 —q1llg» <K, |t;—t;], which is the third assertion. We may now apply
Kolmogorov’s Lemma to conclude that the process ¢ has a version such
that a.s. (t— ¢(¢)): J— W(R") is continuous. We now assume that such a
continuous version of ¢ has been chosen.

Step (iv). Fix teJ, 4#0, and set Q =[q(t+ 4)—g(t)]/4. For nota-
tional simplicity set g=gq(t), w=w(t), g=q(t+4), w=w(t+4),
wy=[w(t+4)—w(t)]/4. Also for any function f: R" — V, where V is a
finite dimensional vector space, set f'(a,b)=[y/f (a+1b)dt, for all
a,be R". This function f'(a, b) satisfies f'(a,0)=f"(a), and f(a+b)=
fla)+f'(a, b)b, for all a, b in R".

Claim. | Q| x» is bounded independent of ¢ and 4.
To see this consider

dQ = (X(q) dw — X(q) aw)/4
1
4
X(q)[dw—dw]/4+ X'(q, 4-Q){Q) d

X(q) d,+ X'(q, 4-Q)<Q) dib. (4.18)

{[X(9)+X'(q,4-0)<4-0>]dw— X(q) dw}
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Recall that X has compact support so that ¢(¢) remains in the ball
containing the support of X and the initial point ¢,. Therefore, 4-Q =
q—¢q is also bounded for all 4. From these last comments, (4.18), and
Lemma 4.1 one can estimate

1012, <C [WMH +C. 11015, d ]

<K, [ Il [ 101y | (4.19)

From (4.19) and Gronwall’s inequality it follows that || Q| y» < K, W 4|l .
So it suffices to show that ||w | z» is bounded independent of ¢ and 4. But
by the fundamental theorem of calculus in the Banach space B”(R”) we get

04— W(t)]l g = Aj — ()] de

BP

<§f“ﬁwn—wwmw

t+ 4
< A*‘-K’j It —1] de

t

<K'|4|/2, (4.20)

where hypothesis (ii) of the theorem was used to get the last inequality.
Since K’ is independent of ¢ and 4, (4.20) implies ||, { g, is uniformly
bounded which proves the claim.

We now may finish the proof of step (iv). Set ¢ = Q — ¢(t), then by (4.10)
and (4.18)

de=X(q)d[w,—w]+X'(q, 4-Q)<Q) dw—X'(q){¢) dw
=X(q) dlw,—Ww]+X'(q,4-Q){g+e)> dw—X'(q){¢) dw
=X(q)dlw,— w1+ [X'(q,4-Q)<¢)>—X"(g){¢>] aw
+X'(9)<q> d[w—w]+X'(q, 4-Q){e) aw. (4.21)

The second term “divided” by dw in the last line of (4.21) may be rewritten
as

[X'(g, 40)<4> —X"(9)<4>]1= fol [X'(g+rdQ)q>—X'(9)<¢>1dr

=j1 drj1 du X" (q+ur AQ)r 40, ¢>
0 0

= X"(q, 40)<4Q. §>.
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With this (4.21) becomes
de=X(q) d[w,—w]+X"(q, 40)<4Q, §) dw
+ X' (@)Xg> d[w—w]+X'(g, 40)<e) dw. (4.22)
Using Lemma 4.1, the claim that ||Q| 4, is bounded, parts (i)-(iii), and
(4.20), it follows from (4.22) that

Il < C | = 005+ 11401 1115,
+ (il b= 91517+ Co [ e 5y

<K, 1417 [1+(12ls - g1l s)? + 141l -] + K, fo llell gpyry @5’

K 117+ ] Vol v, (423)
where 1/r+ 1/r'=1/p. By (4.23) and Gronwall’s inequality, it follows that

||6||HI’<Kp |Al’ (424)

ie., ||[[q(t+ 4)—q(t)1/4 — ()il u» < K, |4|. Hence, for all pe[2, o), g(t)
is H*-differentiable with the derivative ¢(¢) solving the stochastic differen-
tial equation (4.10). Because |-lls» <c, |-l g», it follows from Lemma 4.5
(using (4.9)) that our version of g is already C"°.

Step (v). By (4.22), (4.20), and Lemma 4.1, it is easy to estimate
lell g < CK'4/2 4 CAlg ] s+ | W] 5~
+Cl4ls lw—wl g+ Cllel s W] 5
SCK'4/2+ Ce, gl ar {4 W] g + 1w — Wl 5}
+ Ce, llell g Wl 5, (4.25)

where ¢ = ¢(¢). Hence, hypothesis (ii) of the theorem, the fact that ||§|| - is
bounded, and (4.24)-(4.25) imply that |le|| 5» < K, - 4—which proves that g
is also BP-differentiable with 4(¢) solving (4.10). Q.ED.

COROLLARY 4.2. Keep the hyposthesis of Theorem 4.2. Then all the
conclusions of theorem 4.2 remain valid if the Ité differential equation (4.6)
is replaced by the Stratonovich differential equation

dq(1) = X(q(1)yow(r)  with ¢(0)=gq,. (4.6')

For the proof it will be useful to have the following:
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LEMMA 4.6. Suppose that V and W are finite dimensional vector spaces.
Let F:R—(),.,8°(V), G:R— (1,5, S?(W), and R:V—>R be given
Sfunctions, and assume that R is smooth with compact support. Let r(t)=
Ro F(t) = R(F(1)).

(1) If F and G are SP-continuous for all pe [2, o) then so are FQ G
and r.

(i) If F and G are S*-Lipschitz for all pe [2, o) then so are FQ G
and r.

(iii) If F and G are S”-differentiable for all pe[2, ) then so are
FR®G and r. T.he derivatives are given by (d/dt(FRG)=FR G+ F®G,
and 7 = R'(F){F).

(iv) Furthermore, if F and G are S”-continuous (Lipschitz) for all
pe[2, o), then (d/dt)/(F® G) and i are also SP-continuous (Lipschitz) for
all pe [2, w).

Proof. (i) and (ii). To simplify notation, let F,=F(t;), F.=F(t,),
G,;=G(t;), and F,=F(t;) for i=1 and 2. Then by Holder’s inequality,

IFR®G(t) = FRG(t) 5o S [(Fy = F,RG)|lsr + | F,® (G~ G,)| 50
<C ||F1_F2||s' ”Gl ||s" +C ”Fz ”s' ”G1 _G2||s",

where 1/r+1/r'=1/p, and C is a constant such that |[4A® B| < C |4|-|B|.
This inequality clearly proves the assertions in (i) and (ii) involving F®G.
The assertions in (i) and (ii) involving r(z) are trivial, because

lri—r2llsp S K || Fy — F |l 0,

where K is a Lipschitz constant for R. ) '
(iii) Let e(W)=|[FRGt+h)—FRG(t)]/h—FRG(t)—F®G(1)lisr»
then as in the ordinary proof of the product rule one finds
e(h) < | [F(1)® {G(1+ k)= G(t)1/h— G(D)} | s»

+ [ {[F(t+h)— F(1)1/h— F(1)} ® G(1) | v

+| 5 R+~ Ft @ (66 + - Gl

SP
Let » and ' be such that 1/p=1/r+ 1/r, it then follows from Holder’s
inequality that
e(h) < C |F(D)ll s |G(¢ +h)— G(6))/h = G(D)l| s
+ C || [F(t+h)— F(1))/h— F(0)l| s 1G(D)] s

+C “ % [F(t+h)—F(1)]

ILG(t+h) = G()]lls
s

which tends to zero as h — 0, proving (d/dIFRG)=FR G+ FR®G.
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To see that r(¢) is differentiable, use Taylor’s theorem to conclude for all
x, ye V that

|R(y)— R(x) = R'(x)(y — x)| <K [x—yI%,

where K is a bound on the second derivatives of R. Insert y = F(z+ h) and
x = F(t) and divide by #4 in this last inequality and then take the S”-norm
of both sides of the result to conclude

1
7 Ir(t+ ) —r(t) = RUF(O)E(r + h) = F(1)ll s

<K |F(t+h) = F(t)] 2, /h.

Since F is differentiable the right member of this last inequality tends
to zero as h tends to zero. This clearly concludes the proof of (iii)
because ||(1/k) R'(F(¢))(F(t+ h)— F(t))— R'(F(t)) F(t)|s» is bounded by
K |(F(t + k) — F(2))/h — F(¢)|| s» which tends to zero as h — 0, where K is
now a bound on R

(iv) The assertions in (iv) follow from (i)-(iii). To apply (i)-(iii) for the
7(t) case, left F(¢) » R'(F(t)) and G(¢) - F(t) and notice that the assertions
involving F® G hold for B{(F, G, where B: Vx W — Z is any bounded
vector-valued bi-linear form. Q.E.D.

Proof of Corollary 42. As in the proof of Corollary 4.1, Eq. (4.6') may
be written as the It6 equation

dg=X(q)dw+ Y(q)[O® O] ds, (4.26)

where Y(¢)[A®B]1=(1/2)Y7_, X'(q9){X(q) Ae,) Be; is a smooth vector
field on R" with compact support. Again 4 and B are in End(R") and {e;}
is the standard basis for R”. As before let V'=End(R")® End(R"),
X:R"x V - I(TR") be given by X(¢){(a, v)> = X(q)a + Y(q)v (ae R" and
ve V), and W(t)(s)= (w(t)(s), jf, O(1)s')Y® O(¢)(s') ds’). Then Eq. (4.26)
can be written in Itd form as

dq(1)=X(q(1))dW()  with q(t)(0)=g,, (4.27)

where W(t) is an R” x V-valued Brownian semimartingale in B*(R" x V).
To finish the proof one needs only to replace R” by R” x V in Theorem 4.2,
and to verify that W(t) still satisfies hypotheses (i)-(iii) of Theorem 4.2.

Now if W=(w,fvds) where w=[Odb+[ads is an R™-valued
Brownian semimartingale and v is a continuous adapted V-valued process,
then dW = (0, 0) db + | («, v) ds. From this it follows that

IWlge=10ls + (@, V)l s < 1Ol 5o + llatll 50 + 0] v
= {lwll g + Il sr- (4.28)
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So by (4.28), in order to verify the corresponding hypothesis (i)-(iii) of
Theorem 4.2, it suffices to show with v(z) = O(t) ® O(t) that:

(i) t—-uv(r) is differentiable in S?(V) with o(z)=O0()® O(t) +
0(1)® O(1);
(ii) v(z) and o(¢) are S?-Lipschitz on J,
(iii) ||v(¢)|| s~ is bounded for te J.

Now (iii) is obvious, since ||v(t)]g» < C-|O(1)| ZQSC- ]Iw(t)||;w, and (i)

and (ii) follow from Lemma 4.6. Q.ED.

LEMMA 4.7. Suppose that F(t) and G(t) are Brownian semimartingales
Jor each t, and for each pe[2, o) the functions F and G are B*-differen-
tiable. Then the path of Brownian semimartingales Z(t) = j' F(t) 6G(1) is also
B-differentiable for all p e [2, ) and the derivative process Z(t) is given by
Z(t)={ F(1) 5G(t) + | F(t) G(t). Furthermore if F and G are B”-continuous
(Lipschitz) for pe [2, ), then so is Z. (This lemma still holds true if F(t)
and G(t) are vector-valued processes, in which case the multiplication should
be replaced by the tensor product or some bilinear form.)

Proof. Write dF = A db + a ds, and dG = C db + y ds, so that
dZ=FdG+1d[F,G]=FCdb+ {Fy+34-C} ds,

where 4-C=3,(Ae;)(Ce;) and {e;}7_, is the standard basis for R". By
Lemma 4.1 the B” norm is stronger than the S” norm, so the process F is
S*-differentiable for all p. Hence by Lemma 4.6, FC and {Fy + (1/2) 4-C}
are S? differentiable for all pe [2, ov) with the derivatives given by the
product rule. Therefore by the definition of the B?-norm, Z is B?-differen-
tiable for all p and the differential dZ of Z is given by

dZ=[FC+FCldb+ {Fy+ Fj+i[A-C+4-C]} ds.

This last expression is easily seen to be the same as F 0G+F 0G as claimed
in the lemma. The continuity (Lipschitz)‘assertion for Z also follows from
Lemma 4.6 and the explicit formula for dZ given above. Q.ED.

COROLLARY 4.3. Let q(t) be an R™-valued Brownian semimartingale
such that t - q(t) is BP-differentiable for all pe (2, ©0), and let @ be a
smooth 1-form on R with compact support. Then the path of Brownian
semimartingales Z(t)Ej(u(éq(t)) is BP-differentiable for all pe[2, )
with derivative

2(t)= [ do¢4(r), 8q(1)y + | d(@<4(1)»)
= [ do<g(r), 8q(1)> + <D,
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(Informally this may be written (d/dt)(w<{8q))= (dw){q, 6g) + d(w{g>).)
Furthermore, if § is B"-continuous (Lipschitz) for all pe [2, «0).then so is Z.

The proof of this corollary will be given after the following lemma.

LemMMa 4.8. Let q(t) be an R -valued Brownian semimartingale such that
q(¢t) is BP-differentiable for all pe [2, ) and let f: R — R be a smooth
Sfunction with compact support. Then F(t)=f(q(t)) is a Brownian semimar-
tingale which is B?-differentiable for all pe[2, o) and F(t)=df{4(t)> =
J(q()) 4(t). Furthermore, if ¢ is BP-continuous (Lipschitz) for all pe [2, o)
then so is F.

Proof. Write dq(t)= A(t) db + «(t) ds, so that 4 and « are S”-differen-
tiable. Then by It&’s Lemma,

dF(1)=f"(q(1)) A(t) db+ [ f"(q(1)) a(t) + Y(q(2))<A() @ A(¢) )} ds, (4.29)

where Y(q){A® BY=(1/2) 3, f"(q(t)){ Ae;, Be;> and {e,} is the standard
basis for R”. From Lemma 4.1 we know that |-||s,<c, |-l 5», and hence
g(t) is S*-differentiable for all pe[2, ov). Repeated application of
Lemma 4.6 shows that f'(q(¢)) A(t), and [f'(g(2))a(t)+ Y(gq(1))
{A(t)® A(t)>] are S?-differentiable for pe [2, o0). So by the definition of
the BP-norm, it follows that F is B”-differentiable for all pe[2, o). The
fact that the B”-derivative of F is given by f”(q(¢))<{4(¢)) follows from the
fact that this is the correct formula for the weaker S*-derivative, see
Lemma 4.6. The continuity and Lipschitz assertion of the lemma are
proved in a similar way. Q.E.D.

Proof of Corollary 4.3. Without loss of generality we may assume that
w=fdg, where fis a C*-function on R" with compact support, and g
is linear. Let 1,(dw)= (dw){v, - >, that is, 1, is interior multiplication by
veTRY. Now dw=df ndg, and hence dw{q,dq)=(1,dw){dg)=
df (G5 6(g=q)—dg<{q) 6(f-q). Set F(1)=f(q(t)) and G(r)=g(g()), then
by assumption (using g is linear) G is B*-differentiable for all p > 2, and by
Lemma 4.8, so is F(r) with F(¢) =df{(4(t))>. Thus

dw{g, 59 = (1, dw){q) = F 5G — G 5F. (4.30)

Now by definition of Z(r)=[ w{dq(1)), Z(t)=jF(t)5G(t): Therefore,
by Lemma 4.7, Z is continuously differer}tiable and Z(1)=| F(1) 6G(1) +
j"F(t) dG(t). So from this expression for Z and (4.30) one has

Z(1) - [ do<a(r), 39()) = [ [F(0) 8G(1)+ G(1) 6F (1)1 = | 8(F(2) G(1))
= [ 801(a(1)) d2<4(1) > 1= <411

as claimed. The continuity and Lipschitz assertions directly follow from
Lemma 4.7. Q.ED.
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5. GEOMETRIC AND NON-GEOMETRIC FLow EQUATIONS

We now assume that we have the following data:

(i) (2, %, {%},50, b, P)is a filtered probability space satisfying the
usual hypothesis and b is an R”-valued Brownian motion with respect to
the filtration {%} as in Section 3;

(ii) (M",V,g,0,u,,h)is a smooth compact n-dimensional Rieman-
nian manifold with metric g, a g-compatible covariant derivative V, a fixed
base point o€ M, a fixed orthogonal frame u,e O,(M), and a C'-function
h: [0, 1] — R” such that A(0)=0.

DEerINITION 5.1. The geometric flow equation (associated to 4) is the
differential equation

6(t)=H(o(1)) - A, (5.1)

where 0: R —> ¥ M is a path of semimartingales, and H(-) is the horizontal
lift operator in Theorem 3.3. We assume here that P-as. the function
((¢, ) > a(t)(s)):Rx [0,1] > M is C-°.

Remark 5.1. Since his C! and H(o(¢)) is a semimartingale, H(a(¢)) - A
is also a semimartingale. Therefore, if o solves (5.1) then necessarily 6(¢) is
a TM-valued semimartingale. It seems that the most general possible # one
might allow (for general manifolds) is a semimartingale. In this paper # is
assumed to be a C' deterministic function.

ExampPLE 5.1. (a) Take M =R" o0=0, and V = to the usual covariant
derivative on TR”. Then upon identifying TR" with R”xR", H(-)=id.
Therefore the solution to (5.1) is

o(t)=0(0)+1-h. (5.2)

That is, (5.1) just generates translations by A.

(b) Take M =G tobeaLiegroup,o=e=idin G, u,: R* - 4 = Lie(G)
(the Lie algebra of G) to be a fixed frame, and let V be the covariant
derivative for which the left invariant vector fields are covariantly constant.
In this case H(o(t))=L,.~, Where L,,:G— G is left translation by
o(t)—L,, g =0(t)g. Again the solution to (5.1) may be found explicitly,

o(t) =a(0) e, (5.3)

where #(s) = u,h(s) € .
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(¢) This is the same as example (b), but now take V to be the
covariant derivative for which the right invariant vector fields are parallel.
Then in this case the solution to (5.1) is

o(t) = e a(0). (54)

The transformations in Example 5.1 have been highly studied when
6(0) is a Brownian motion and more recently when ¢(0) is a Brownian
Bridge process. In particular, one is interested in whether the law of o(¢)
is equivalent to the law of ¢(0). Example 5.1(a) is the domain of the
classical Cameron-Martin formula, see [CM1, CM2, Mar] and also
LGrl, Gi, K1-K3, Ra, Kul-Ku4]. The quasi-invariance for the flow (5.1)
in Examples 5.1(b) and (c) is discussed in [AH, Shl, Sh2, Fr, MM1, Gr4].

In an effort to convince the reader that the solution to Eq. (5.1) is the
correct generalizations to the formulas in (5.2)-(5.4), let us briefly discuss
two other possible alternatives. A more thorough discussion can be
found in Section 10. One alternative to (5.1) which coincides with
Examples 5.1(a)-(c) is to use the exponential function. Explicitly, define
a(t)=exp(tH(c(0)) h), where exp: TM — M is the geodesic flow associated
with the covariant derivative V. But this “shifting” procedure suffers from
two serious problems. The first is that in general the map T,(c,) =
exp(tH(o,) h) is not a flow on the space of semimartingales. The second is
that in most cases the Law(7,(g,)) will not be equivalent to the Law(s,)
when o, is a Brownian motion on M. See Section 10 for more details.

A second possible curve shifting technique is to use the flow of a given
s-dependent vector field. Explicitly, let X: [0, 1] —» I'(TM) be an s-depen-
dent vector field on M such that X(0)=0. Now for any vector field
Yel(TM), let e'Y denote the flow on M generated by Y. With this nota-
tion, define the shift T,(s,) of o, by T,(6,)(s)=e**(o,(s)). This prescrip-
tion again reproduces (5.2)-(5.4) after an appropriate choice of vector field
X depending on h. This procedure is considered in [MM1] in the special
case that M is a homogeneous space. In this case T, is always a flow on
W(M), but in general T, will not leave Brownian motions on M quasi-
invariant. In Section 10 it is shown that in order for T, to leave the Wiener
measure quasi-invariant the vector field X(s) must be a Killing vector field
for each s. In other words, e’ should act isometrically on M. Of course
the generic manifold does not admit any non-trivial Killing vector fields,
and this shifting technique is then useless.

Notation 5.1. Suppose @ is an imbedded submanifold of some
Euclidean space R" and that ¢, € Q is a fixed base point. Let % *Q-denote
the space of Brownian semimartingales in Q that start at ¢, which are also
in B*(R"). (If Q=R", M, or O(M), then q,=0, o, u,, respectively.) The
space ¥ “Q is equipped with the topology of convergence in the B”-norm
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for all pe [2. ). (Note p # oo here.) So a function ¢: R - ¥ *Q is said to
be continuous if it is B”-norm continuous for all pe [2, ). We say ¢ is C*
if: (i) for each T>0, sup,,<rllg(t)llsg= <o, and (ii) ¢ exists and is
continuous in the B?-norm for each pe[2, o). It is not required that ¢ be
in B*(R"Y).

Remark 5.2. If g:J—> &*Q is C', then it follows that g is B”-Lipschitz
for all pe [2, o). Therefore by Kolmogorov’s lemma (Lemma 4.4), we can
choose a version of g such that P-as. (2, s) — q(¢)(s) is continuous. In the
sequel, such a version will always be chosen.

We now restrict our attention to the spaces > M, and & *0O(M), where
an imbedding of M into R" has been chosen and fixed once and for all. By
Lemma 2.2, the imbedding of M into R" induces an imbedding of O(M)
into RY x Hom(R”, RY). The next proposition is a regularity result for
solutions to (5.1).

PROPOSITION 5.1. Suppose that o: R — S M is a C'-solution to (5.1),
then in fact ¢ is B?-Lipschitz for all pe [2, c0).

Proof. Since ¢ is C', o is BP-Lipschitz for all p € [2, o). Therefore, by
Corollary 4.1 and our method of constructing H(s) in Theorem 3.2, it
follows that ¢ H(a(t)) is B”-Lipschitz for all p>2 (see Lemma 7.3(i)
below). The lemma now follows, because 4(¢t)= H(o(¢))h and Lemma
4.1(vi) gives

lo(t1) — () e <, 1H(a(21)) — H(a(22))l - [14ll 57,
where 1/r+ 1/r' = 1/p. Q.E.D.

The following theorem is the stochastic analogue of Theorem 2.2.

THEOREM 5.1. Let 0:J - LM be a C' function satisfying (5.1), and set
w(t)=1""'o H(a(t)). Then w:J— ¥ (R") is a C'-function and satisfies

(1) =f C(w(1)) Sw(t) + h, (5.5)
where for any Brownian semimartingale (w),
C(w)=A(w)+ T(w) (5.6)
with
Aw)= [ @, Ch w, (5.7)
and
T(w)=0,{h,->, (5.8)

where u=mno I(w).
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Proof. We will closely imitate the proof of Theorem 2.2. First notice by
Theorem 3.3 that u= H(c). Therefore by the method of construction of
H(o) in in Theorem 3.2 and by Corollary 4.2, it follows that u(¢) is C' in
F*0(M) (see the proof of Lemma 7.3(i) below for more details). By
Corollary 4.3 it follows that w(z)=1""(u(r))={ 3¢du(t)> is C' in ¥~ R".
In fact because of Proposition 5.1, we know that w and % are in fact
BP-Lipschitz for all p > 2—but we will not need this property. By definition
u is horizontal (w{déu) =0), thus by Corollary 4.3,

0=%w(5u> =dw{u, ouy + é(wu)) =824, du)y + é{wluy), (59)

where the second equality is a result of the second structure equation
(Lemma 2.1) and the fact that w A w{#, du) =[wla), w{éu)]=0. Now
Qd, dud =Qnu, BOwH(u) ) =2,<{h, dw), since 21, - > only depends on
the horizontal component of # which is equal to B{h)>(u). (Note:
nu=0d=uh=mn,B{h)(u), see Section 2 for the notation.) So (5.9) may be
rewritten as

OC(1)) = = [ @y Ch SW(1)> = — A(w(1)) (5.10)

because #(1)(0)=0¢e T, O(M) and hence w{u(r)(0)> =0.
Now again use Corollary 4.3 to differentiate the equation w=1"1(u)=
§ 9<6u) with respect to 7 to get

wu)(s)=j0s d9<a(t), du(r) + 9<u(t) >3, (5.11)

Using the first structure equation (Lemma 2.1) and arguments like those
used to go from (5.9) to (5.10), (5.11) may be rewritten as

W(t)(s) = jo By Ch, BW(1) —JO w(i(t)) ow(t) +h(s).  (5.12)

The theorem follows from Egs. (5.6)-(5.8), (5.10), and (5.12). Q.E.D.

The next theorem is the converse of Theorem 5.1 and is the stochastic
analogue of Theorem 2.3.

THEOREM 5.2. Suppose that w: R —» £ R" is a C'-function that satisfies
(5.5). If c=mnoI(w), then 6: R —> ¥ M is a C'-function satisfying (5.1).

Proof. Let u(t)=I(w(t)), so that o(t)=n-u(t). By Proposition 6.3
below, w(t) is automatically B*-Lipschitz for all pe [2, o), and hence by
Corollary 4.2, u: R » #*0(M) is C'. By Lemma 4.8, 6: R > ¥ ®M is also
C'. Define ¢ =9<u), E=w{u), and A= A(w) =jQu<h, ow), where for
notational simplicity the 7-variable is also being suppressed. Our goal is to
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show that &=h, since then ¢ =n, u=ud{i) =uh=H(o)h as desired. To

prove & =h, we will follow closely Theorem 2.2 and show that the semimar-

tingales (¢ —h, A+ E) satisfies a linear stochastic differential equation.

Because (E—h, A+ E)=0 if s=0, it will follow that (¢! —h, A+ E)=0.
Start by computing the differential of ¢ using Corollary 4.3,

de = d(9¢iY) = d9{u, i) +% <ISud)

=d8<5u,d>+%(dw), (5.13)

where 3<du> = d(I~'(u)) = dw was used in the last equality. Using the first
structure equation (@ =d3%+ o A 8) and computing as in the proof of
Theorem 5.1 we find

dé = dvo + d9<du, 1> = dw + O{u, i) — w A 9 du, 1)
=i+ Oou, 1>+l 9oud = dw + 6,{w, &> + E ow,

since w{du) =0. Combining the formula for d¢ with that of dw from (5.5),
(dw=Adw+ 0, (h, dw) + dh) yields

dl—h)=(A+E)ow+0,{ow, E—h). (5.14)
Again using Corollary 4.3 and the fact that w{ou) =0, compute
d
=Ew<5u> =dwla, du) + dlwlud)y=Q2<ua, éu>+dE. (5.15)
Because 8{u)>=¢, and 3(Su)=90w, (5.15) may be rewritten as
0=0,<¢&, ow) + dE, which when added with Q, (A, ow) — 54 =0 yields
d(A+ E)=0Q,{h—=¢&, éw). (5.16)

For each fixed ¢, (5.14) and (5.16) are a coupled pair of linear stochastic
differential equations for (£(¢) — #) and (A(t) + E(¢r)) with initial conditions
E(t)—h=0, and A(¢)+ E(t) =0 at s =0. By uniqueness of solutions to such
equations we see that £(¢) —h=0 and A(r) + E(¢) =0 P-a.s. This proves the
theorem. Q.E.D.

6. EXISTENCE AND UNIQUENESS FOR THE NON-GEOMETRIC FLow

In this section an existence and uniqueness theorem for the “non-
geometric flow equation” (5.5) of Theorem 5.1 will be proved. Hence, by
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Theorems 5.1 and 5.2 this will also prove existence and uniqueness for the
‘geometric flow equation” (5.1). The following section is devoted to
proving directly existence and uniqueness for the geometric flow equation
(5.1).

The first step in the proof is to reformulate the non-geometric flow equa-
tions (5.5), see Proposition 6.1 below. For the purposes of this section it is
important to remember that a C'-function w:J— % R" is equivalent to
giving a pair of processes (0, a). J —» S*(End(R") x R”), such that (O, «) is
S? continuously differentiable for all p=2 and sup,., {|0(t)| s +
loe(2) | g } < 0. Of course w is related to (O,a) by w(r)=[O(r)db
+ fa(r) ds.

DEerINITION 6.1. Suppose that f: O(M)— V (V=a vector space) is a
C*-function, let f':O(M)—End(R", V) be defined by f'(u){a)=
df{B{ay(u)) for all ue O(M) and aeR". We will call /" the horizontal
derivative of f.

Remark 6.1. The two main examples of interest are f(u)=Q,{-, >,
and f(u)=0,<-, - >, in which case f'(u){a) will be denoted by Q,<a, -, )
and @, <{aq, -, - >, respectively.

DerFINITION 6.2. Let 4 and BeEnd(R”)=Hom(R", R"), aeR”, and
1€ O(M). Define

(1) §u<A’ a,B>E Z Q;<Aei’a’ Bei>7 (61)
i=1

(i) 8.,(A,a,B)=Y O.,{de, a, Be, and (6.2)
i=1

(iii) Ric,<a, 4,B)> =) 2,{a, Ae;) Be,, 6.3)

i=1
where {e,} is the standard basis for R".

Remark 6.2. If O is an orthogonal matrix and 4= B=0, then the
‘ormulas (6.1)-(6.3) are independent of O. The reason for the terminology
Ric, in the (6.3) is that Ric, (a, 0,0)=Y7_, 2,{a, e;> ¢, is essentially
:he Ricci-tensor when O is orthogonal.

PROPOSITION 6.1. Suppose that w: J > S R", and (0, a):J - F*R" is
defined by

w(t)=J 0(z)db+ja(t)ds. (6.4)

80/110/2-6
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Then Eq. (5.5) is equivalent to the pair of differential equations
O(1) = C(w(1)) O(1) (6.5)
and
a(r) = C(w(1)) a(t) + R(w(1)), (6.6)
where C(w) is defined as in Theorem 5.1 and R(w) is defined to be
R(w)=1{Ric,<(h,0,0>+6,{0,h, 0>} +F, (6.7)

where w is the Brownian semimartingale w= (| O db+ | a ds. The derivatives
in (6.5) and (6.6) are to be taken in the S*-topologies for all pe [2, o).

Proof. Insert the expression (6.4) for w(z) into (5.5) to get
O db+dds=C(w)[Odb+ads]+4dC(w)dw+h ds, (6.8)

where the ¢ is now also being suppressed from the notation. By (5.7), (5.8),
It&6’s Lemma, and du = B{ow >(u),

dA(w)=Q,Ch, 5w =@, Chy dw> + Q7 Cdw, by dw
—Q,Ch 0dbY+{R2,{ha>+13,(0,h, 0} ds,  (69)
and
dT(w)Y=d(O,{h, - >)=0,{éw, h,->+ 0, {dh, >
=0, {dw, h, -y +360.{dw,dw, h, ->+0O,{dh,->
=0, 0db, h,->+ {0, o, h,->
+0,{h,->+10.£0,0,h,->} ds, (6.10)
where 070, 0, h,->=Y,0.{0e;, Oe,;, h,->, and @" is the horizontal

derivative of @'
Thus using d[ C(w)] = dA(w)+dT(w), (6.9), and (6.10) one finds

dC(w)dw=Q,{(h,dw) dw+ @, {dw, h,dw)
=Ric, (h, 0,0) ds+0,{0, h, O ds. (6.11)
Noting that the B”-norm on w=[Odb+[ads is equivalent to the

S?-norm on (O, a), the lemma is proved upon inserting (6.11) into (6.8)
and then comparing the db and ds terms on both sides of the result. Q.E.D.

Remark 6.3. Let C=sup, oun |0, ->]. Notice that C(w) = A4(w) +
T(w), where A(w)(s)eso(n) and T(w)(s)e End(R") such that |T(w)(s)| <
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C |h|, independent of w,s, and the random sample point. Lemma 6.1
below and this observation imply that any solution to (6.5) and (6.6) has
the property that O(t)(s) is uniformly bounded provided O(0)(s) was
uniformly bounded. With O(r) uniformly bounded, it follows from the
definition of R(w(z)) that R(w(f))(s) remains uniformly bounded. This
in turn will imply (by Lemma 6.1) that « must remain bounded. (See
Corollary 6.1.)

Lemma 6.1. Ler V=R" or End(R"), and assume that A:J— so(n),
T:J— End(R"), and R:J -V are all continuous maps, where J={—1,1].
Let w,e V be a fixed vector and define o: J — V to be the unique solution to
the ordinary differential equation

a(t)y=A(tya(t)+ T() aft) + R(1) with a(0)=a,. {6.12)
Then
(1) || oo < (o2, + |R] ) €', (6.13)

where |T|,, =sup,., |T(?)|, and |R|, =sup,., |R(t)|. (Notice this estimate
is independent of the size of A—intuitively A supplies only a rotation term.)

(ii) Now also suppose that A:J— so(n), T:J—-End(R"), and
R:J > V are another collection of continuous maps and that & denotes the
solution to (6.12) with A, T, and R replaced by A, B, R. Then there exists a
constant K= K(|a,[, [Tl o, |Rlw, | T|w, Rl ), such that

la() —a(r)| <K

| 14— A +1760) - o)

+1R()— R(o)l } de |. (6.14)
(Notice that the constant K is independent of A and A. This is crucial to later
applications.)

Proof. (1) For simplicity assume that 1> 0—the case 7 <<0 is similar.
Let U: J - O(n) be the unique solution to

Ut)y=A(t) U(t)  with U(0)=id e O(n) (6.15)
and set Z(t)}= U(z) " a(¢), then
Z=U"'TUZ+U"'R and Z(0)=q,. (6.16)

Because U(r) is orthogonal, we have that |a(¢)] =|Z(¢)|, so it suffices to
show that Z satisfies the estimate (6.13). From (6.16) one easily finds

2 <la,l + [ TT@ 126 +R@) 1 de.

This last equation and Gronwall’s inequality (Lemma 4.3) yields (6.13).
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(ii) In this argument K will denote a constant depending on (|a,l,
[T IRl | T, | Rl ). The different K’s in a string of inequalities may
vary from place to place.

Let U and Z be defined as above and define U and Z analogously with
(A, T, R) replaced by (A4, T, R). Then

la—a|=|UZ-U-Z|<|UI1Z-Z|+|U~U| |Z]
<I1Z-Z|+K|U-T, (6.17)

where we have used part (i) to replace |Z| by K. Estimate the U-term:

|U(r) = O@) = {0~ T~ 1)

t
<l
Y0

= [ 100! (1)~ 4@ U e

4 v o) | de
dt

=J' 1 A(x) — A(1)) dr. (6.18)
0

Now to the Z term. From (6.16) we see that
|Z—Z|=|U-'[TUZ+R]-U"'[TOZ+R]|
S|\U'—U"Y|TUZ+R| +|TUZ—-TUZ| +|R—R|
<SK|U-U|+|T-T||UZ|+|T| \UZ—UZ| + |R—R|
<SKW—-U+K|T-T\+K|\UZ-UZ|+|R—R|
SK[|[U=-UO/+|T-T|+|U-0|\Z|+|Z—-Z|]1+|R—R|
<K[|WU-U+|T-T\+|Z-Z|+|R—R|]. (6.19)

Upon integration of this inequality from 0 to ¢ and an application of
Gronwall’s inequality it is seen that

()~ 20 <K [ LIV~ Tt
+1T() — T(2)| + |R() - R(z)| 1 do

<K [l -AC)

+ |T(t) — T(z)| + |R(r) — R(z)| ] dr, (6.20)
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where (6.18) was used in going from the first to the second inequality. The
result follows by combining (6.17), (6.18), and (6.20). Q.E.D.

DerINITION 6.3. A l-parameter family of End(R")x R"-valued pro-
cesses (O(1), a(t)) solves (6.5) and (6.6) pointwise if the following
conditions are verified.

(i) P-as. the function (1, s) = (O(t)(s), x(t)(s)) is C*-°.

(ity Let w(r)=[O(z) a’b+joc(t)ds. There exists versions of u(z) of
I(w(t)), and A(t) of A(w(¢)) such that P-a.s. the maps (¢, s) = u(¢)(s) and
(1, ) > A(t)(s) are C"°.

Let R(¢) be the version of R(w(z)) found by inserting O(t) and u(¢) into
Eq. (6.6). Let T(¢) =0, <h,-> (a version of T(w(t))), and C(t)=A(t)+
T(tr) (a version of C(w(t))). Notice, with these choices, P-a.s. the map
(1, ) = (R(1)(s), T(2)(s), C(t)(s)) is C-°.

(iii) There is a fixed set Q,<Q of full measure such that on Q,,
(O(1)(s), a(2)(s)) verifies pointwise (6.5) and (6.6) with C(w(¢)) and R(w(t))
replaced by C(¢) and R(:).

COROLLARY 6.1. Let (O(1), a(t)) be a 1l-parameter family of
End(R") x R™-valued processes which solves (6.5) and (6.6) pointwise, and set
w(t)=§ O(t) db+ [ a(t) ds. If |w(0)] 5= =[O(0)| 5= + |2(0)] 5= < 00, then
10(D)]l 5= < [O(0)]| 5= € ™=, and | w(t)]l g= = 10(t)] 5= + ll(t) s < C, for
all teJ, where C,=C,(|h'| ., |W(0)|l 3=) and C=sup,.oun 10, ->|

Remark 6.4. Throughout the paper I will make repeated use of the
following measure theoretic fact. Let f: Ux Q2 — V be a measurable map
where U is a subset of R* and V is a normed vector space. Suppose
that for each we 2 the map x — f(x, ) is continuous, and there is a
constant C, such that for each xeU, P({w:|f(x,w)|<C,})=1,
then P({w:sup,.y|f(x,w)|<C,})=1. Indeed, if D is a countable
dense subset of U, then it is clear that P(Q,)=1, where
Qp={w:sup,p | f(x, w)| <C,}. But by continuity, for all w € 2, one has
Sup,.u |f(x, w) < Cy. Since, Q,<cQ,={w:sup,.,|f(x, w)<C,} and
our o-algebra is P-complete, it follows that £, is measurable and that
PQ,)=1.

Proof of Corollary 6.1. For teJ, let A(z), T(t), R(2), and C(¢) be as in
Definition 6.3. Notice that A(t)eso(n), and on Q,, |T(¢)| <C |h| »-
(I will omit the statement “on 2,” in the future.) So by Lemma 6.1(i),
|0(1)] , <]0(0)}], e€ ™= from which it follows that

0(1)]| s < |O(0)] g0 €€ .
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Also it is easy to show there is a constant K such that
IR()| oo SK O, Al o + 1] K OO 5 " bl + 1R,

where in the second inequality we used the estimate on O just proved.
Therefore we may apply Lemma 6.1(i) to (6.6) to get

o)l s < (12(0) ]| 5= + K [ O(0) ]| 5 €11 ] o, + [B'] ) € 1.
The lemma now easily follows with
Co= (2 [WO)l| g + K [W(O) | e 14| e + 1] ) €311 (6.21)
because |h|, <A, and [[w(t)] s= = [O(2)]] g= + llo(2)]] pee. QE.D.

After proving some basic estimates (Proposition 6.2) on A(w), T(w), and
R(w), we will see that the w: J—> ¥ *R" in the above lemma is in fact C’
and W is B?-Lipschitz for p e [2, o). Furthermore, this w satisfies (5.5), or
equivalently (6.5) and (6.6) with derivatives taken in the S”-topologies.

ProrosiTION 6.2 (Basic Estimates). Let 0<C,< oo be a fixed constant
and suppose that w and w are in ¥ R” with |w| g= < C, and |W| g~ < C,.
Also assume that \h'| ., < C,. Then for all pe [2, o) there exists a constant
K=K(p, C,) such that:

(1) [AW) =AW e S K W — W] 12
(i) [A(w)—AW)llsr S, K |lw—Wll o <, K |w—Wllgo;
(i) (T(w) =T e < K | w— Wil g0
(iv) N1Tw)—TW)llsr <, K lw =Wl yr <, K | w—Wl| go;
(v) IR(W)—RW)lsr <K [lw—wl gr;
(vi) [[C(w) = COMM o S K [lw — Wl 105
(vii) [|C(w) = CW)llsr S, K W — Wl o < ¢, K [|lW— W]l o

—

Remark 6.5. If O and O are restricted to be orthogonal matricies, then
estimate (v) above can be improved to an H’-estimate as in (i) and (iii).
We will not need this improved version of (v).

Proof. Throughout this proof K will denote a constant depending only
on C,, p, and the underlying geometrical data. Let u=I(w), u=I(w),
A= A(w), and 4= A(Ww). By Corollary 4.1 there is a constant K such that
v —a| g < K ||Ww—wW|l gr and Ju—i| g» < K ||w—w| g,. These inequalities
will be used frequently along with the obvious inequalities that |O — O|| 4
<llw-- Wl e, lla —all s < [Ww— Wl g, and |l <|h'|, <C,.

From (6.9)

dA=Q,{h,dw)>+1Q,{0, h, O ds
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with a similar equation holding for d4. Thus
dA—A)=Q (hdwy —Q;<h,dw) +3{Q2,{0,h,0)—Q,{0,h, 0>} ds.
Therefore

4= A < | [ (@uCh dwy =@, )

H?

+HJQ,;<h, d(w—w)>

H?P

+3 f{Qu<0,h,0>—§ﬁ<5,h,5>}ds’ (6.22)

HP

The three terms on the right side of (6.22) will be estimated separately.
The first term is estimated using Emery’s and Burkholder’s inequalities
(Lemma 4.1(i) and (iii)),

1 f {Q,<hydw)y — Q< h, dw)}

SK Wl g 192,<h, - > —2:<h, Dl s
H?

SK Wl = bl o llu—ullse

S, KWl g o] o W =W o,

where the first K is dependent on the norms and the second X includes the
Lipschitz constant for the function u — Q,{-, - >. The second term is easily
estimated using Emery’s inequality:

H f9a<h, diw—Ww)>} H <1Lz<A, D llse W =Wl e <K || oo | W =Wl 410
HP

Now for the third term, by elementary estimates it is easily seen P-a.s. that
12,0, h, 05— 2,0, h, 05| <|2,— Q| |k, CL+12,]| |h 2C, |0 - O]
<Klu—ul+K|0-0|,

from which it follows that twice the third-term of (6.22) can be estimated
by

1
K||u—12||5p+KH L |0 — 0| ds

<Ke, |u—ill go+ K |w—w| g
Lr

SK|w—wl 4.
This finishes the proof of (i). Part (ii) follows from (i) with an application

of Burkholder’s inequality. I will omit the proofs of (iii) and (iv), since they
are similar to the proofs of (i) and (ii) with Eq. (6.10) used in place of (6.9).
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By elementary estimates one has P-a.s. that
|R(W)— R(W)| o <K |u—it] o + K]0~ 0|,
which implies

IR(w) = RW)ls» <K |u—itll s+ K||O— Ol sp <K ||lw—ll g

This proves (v). Finally, (vi) and (vii) are a direct consequence of (i)—(iv)
and the definition C(w)= A(w) + T(w). Q.E.D.

CoOROLLARY 6.2 (Regularity). Keeping the same notation and hypothesis
as Corollary 6.1, the function w. J - & R" is in fact C* with w BP-Lipschitz
for all pe (2, ). Furthermore, this w satisfies (5.5), or equivalently (6.5)
and (6.6) where the derivatives are now taken in the S?-topologies.

Proof. First notice that

ICW)lls» < 1C(W) — C(O)] 5> + 1 C(0)] 5r
SK|Wlpr+ K|hlo K[ |h] + W]l p=]1< KC, < 00,

provided [|w| 3= <C,. In particular ||C(¢)[s» = |C(W(t))|ls» < K, < 0 for
all teJ. Since |0(r)—O(")| <[ |C(w(r)| |0(z)| dr < C, [V |C(w(r))} dr
for all #'>1, it follows that [[O(t)~ O(t')|sr < C, [ |C(w(t))llsr dr <
K |t —¢'|. Similarly, since R(w) is bounded when O and / are bounded,
it follows that |ja(?)—a(t')|ss <K |t—1t'|. Therefore, |jw(t)—w(t')|z <
K|t—7| for all ¢, ¢ €J. That is, w is B”-Lipschitz. By Proposition 6.2(vii)
it follows that C(#) = C(w(t)) is S?-Lipschitz.

Now let >0, and set e(h) = || [O(t + h) — O(t)]/h — O(1)| s», Where O(t)
is the pointwise derivative. Using the fundamental theorem of calculus
pointwise, we learn

j:“ [C(z) O(x) — C(t) O(t)] d.

=

[O(t+h)—O(1)1/h—O(1) =
Consequently

1 pt+
e(h) <y f "1C) 0() — C(1) O 50 e
1 pt+h
Sﬁf, [K[10(t) = O(t)lsr + K[ C(x) = C(1)l| 5»]

1 t+h
<z _
\hj[ K |t —1| dt < Kh,
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where Holder’s inequality (with 1/r+ 1/r'=1/p) was used in the second
inequality along with the boundedness of C(t) in the S"-norms. The argu-
ment also works for £<0, so that ¢(h)< K |h|. This shows that O(¢) is
S*-differentiable with derivative given by C(¢) O(¢). A similar computation
would show that a(¢) is also S?-differentiable with derivative given by
C(t) a(t) + R(t). Therefore, w(t) is B”-differentiable and satisfies (5.5).

To show that w(t) is B”-Lipschitz, we start with the easy estimate,

10(1) = O(1")| < |C(1) = C(1")| C, + |C(1')] |0(2) = O(£),

where C, is the constant in Corollary 6.1.
From this estimate and Holder’s inequality one finds

10(6) = O(t') | 5» < C, I C(8) = C(1" ) 52 + | C(£ )| 57 10(8) = O(t')] | 57

where 1/p=1/r+1/r'. Since for each pe[2, ), w is B’-differentiable, it
follows w is BP-Lipschitz. Hence by Proposition 6.2, C(t)= C(w(t)) is
S?-Lipschitz for all pe [2, ov). These comments and the above displayed
estimate clearly imply that O is S”-Lipschitz. The proof that & is
S”-Lipschitz is similar. Q.ED.

The next proposition along with Corollary 6.2 shows that the pointwise
notion and “S”-notion” (in Proposition 6.1) of the solution to (6.5) and
(6.6) agree.

PROPOSITION 6.3. Suppose that w:J—>F*R" (w(t)=[O0(t)db+
§a(t)ds) is a function such that (O(t), a(t)) satisfy (6.5) and (6.6) with
derivatives taken in the SP-topologies (pe[2, ©)) as in Proposition 6.1.
Further assume sup,., |w(t)| g» < o0, then w:J— S R" is C' and the
derivative w is BP-Lipschitz for pe[2, o). Furthermore, it is possible to
choose a version of (O(t), a(t)) such that (O(t), a(t)) solves (6.5) and (6.6)
in the pointwise sense of Definition 8.3.

Proof. Let C(t) and R(t) be versions of C(w(t)) and R(w(t)), respec-
tively. Since w is B”-differentiable, w is Bf-continuous on J. Therefore by
Proposition 6.2, t - C(¢) and t — R(#) is S”-continuous for all pe [2, 0). It
now follows (with a Holder’s inequality argument) from (6.5) and (6.6)
that O(¢) and d(t) are S”-continuous for all p. Thus w:J - ¥ *R" is C,
and hence w is BP-Lipschitz. So by Proposition 6.2, C(t) and R(z) are
S?-Lipschitz for all p. Going back to (6.5) and (6.6), we can now conclude
by a Holder’s inequality argument that O(¢) and d(t) are in fact
S*-Lipschitz—i.e., w(t) is B”-Lipschitz.

Because w is B?-Lipschitz, Lemma 4.5 asserts the existence of C"° ver-
sions of O(#) and a(t) which will still be denoted by O(¢) and «(¢), respec-
tively. Also using Lemma 4.4, Lemma 4.5, and Theorem 4.2, we may choose
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version A(t) and u(r) of A(w(t)) and I(w(r)), respectively, such that
(1, s) = A(t)(s) is continuous, and (¢, s) — u(t)(s) is C-° Now let C(¢),
R(¢), and T(z) denote the versions of C(w(¢)), R(w(t)), and T(w(?))
described in Definition 6.3. It is easy to see that the pointwise notion of the
derivative of (O(z), «(¢)) and the S”-notion of the derivative agree P-a.s.
Therefore from (6.5), we know for each ¢ that P-a.s. O(r) = C(¢) O(t), where
the derivative is now taken pointwise. Since both sides of this last equation
are continuous processes, it follows (in the standard way) that there
is a fixed subset £2,cQ of full measure such that on £,
O(t)(s) = C(1)(s) O(1)(s) for all (¢, s)e J x [0, 1]. A similar argument shows
that « satisfies (6.6) pointwise. Q.E.D.

We now come to the first proof of existence and uniqueness of solutions
to equations (6.5) and (6.6).

THEOREM 6.1. Let h: [0,1] - R” be a fixed C'-function with h(0)=0.
Suppose that w,= | O,db+ [ a,ds is a Brownian semimartingale in & R".
Then in the class of all differentiable functions w:R—> F*R" such
that sup, < r IwW(t)l g= <0 for all T>O0, there is a unique member (w)
satisfying (5.5) and w(0)=w,. (Equivalently if (O(t), a(t)) is defined by
w(t)=[ O(t) db+ [ a(t) ds, then there exists a unique solution (O(t), a(t))
to (6.5) and (6.6) with 00)=0, and o0)=a, such that
supy <7 [0 s= + la(t)l| s»] < 00 for all T> o0.) This solution (w) has
the property that w is Bf-Lipschitz for all pe[2, «o). Furthermore, if
T/ PR > F°R" is defined by T'(w,)=w(t), then T" is a flow on
S R" in the sense that T"oT"(w,) and T", (w,) are indistinguishable.

Proof. First let me make some initial comments and reductions. The
theorem will be proved with R replaced by J=[ —1, 1]. It should be clear
to the reader that any other compact interval would work just as well.
From existence on compact intervals and uniqueness, it is easy to conclude
the existence of a solution w on all of R. The fact that T is a flow on
F*R" is a direct consequence of uniqueness of solutions by the usual
O.D.E. proof. Finally we have already seen that any solution w: J - ¥ * R”
to (5.5) is necessarily C' and w is B?-Lipschitz, see Corollary 6.1,
Corollary 6.2, and Proposition 6.3. So it suffices to consider only C'-func-
tions w:J - ¥ R" (It is readily verified by a scaling argument that
J=[—1,1] in Corollary 6.1, Corollary 6.2, and Proposition 6.3 can be
replaced by [ — T, T'] provided h is replaced by 7 - 4 in all of the estimates.)

Let C=sup,coun |0.<:, ->|, and C, be the constant in Corollary 6.1
defined in (6.21). Let X denote the set of C'-functions w:J— ¥ < R"
(w(t)= [ O(t) db + | a(1) ds) such that w(0) =w,, [|O(t)]| s= < |O(0)] 5= e
and |w(t)llz= < C, for t € J. By Corollary 6.1, Corollary 6.2, and
Proposition 6.3, any solution to the differential equation (5.5) with initial
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conditions w, must be in X. We may and do assume that versions for O
and « have been chosen to be jointly continuous in (¢, s), see Lemma 4.5.
We now define a function L: X —» X as follows. For w(r)={ O(t) db+
[a(r) ds, define O, and a, as the solutions to the ordinary differential
equations

0.(t)=C(w(1)) O,(t)  with 0,(0)=0, (6.23)
and
&, (t)=Cw(t)) a,(t)+ R(w(t))  with o,(0)=a,, (6.24)

where we make the convention that versions of I(w(z)), T(w(z)), C(w(1)),
and R(w(r)) have been chosen to be P-a.s. jointly continuous in (¢, s).
These equations may be solved for each fixed sample point and for each
fixed s. Because of continuous dependence (of solutions to ordinary dif-
ferential equations) on parameters it follows that (¢, s)— (O,(t, 5), a(t, 5))
is C"° P-as. Set L(w)(t)=w,(1)={ 0,(r) db + [ «,(r) ds. With no essential
modification, it follows by the same arguments in Corollaries 6.1 and 6.2
that w, = L(w) is back in X. In fact, even more is true. By the same proof
as in Corollary 6.2, there is a constant K=K, independent of we X
such that w,=L(w) is BP’-Lipschitz with Lipschitz constant K—i.e.,
IL(w)t) = Liw) (') g <K, |t —1| for 1, '€ J, and we X.

The key feature of L is that if w: J > #*R" is a solution to (6.5)-(6.6)
with w(0) =w,, then w is a fixed point for L in the sense that P({L(w)(t)=
w(r) for teJ})=1. To verify this statement, recall from the proof of
Proposition 6.3 that if w(t)=[O(t)db+[a(z)ds solves (5.5) where
(O(t), a(t)) are chosen to be P-as. jointly continuous in (t,s), then
(O(t), a(t)) solves (6.5) and (6.6) in the pointwise sense. It is now clear that
solving (6.23) and (6.24) will yield (O,(2), «,(2)) = (O(¢), a(t)) P-a.s. We
have used the fact that any two versions of C(w(¢)) or R(w(r)) which are
P-as. jointly continuous in (¢, s) must be identically equal on a set of full
P-measure.

The strategy of the proof is to choose a wye X, define w,= L™ (w,),
where L™ means L composed with itself n-times, and then show that
w=lim,_ , w, exists and solves the differential equation (5.5). To show
uniqueness of the solution and existence of the limit w, we will show that
L™ is a contraction in B” for some sufficiently large n. This will follow
from the next claim:

CLamM.  There is a constant K = K(p), independent of w, and w, in X such
that

||L(w1)(t)—L(w2)(z>um<K} [ i@ = wa@ |, (625)

for all telJ.
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Proof of Claim. For simplicity assume that ¢ > 0. Let w,(z) = L(w,)(¢) =
[O.(r)db+[a,(t)ds for i=1,2. By Lemma 6.1(ii) and the fact that
| T(w)|., < C |h|, for any Brownian semimartingale w, it follows that there
is a constant K independent of w, and w, in X such that P-as.

10,(0)(6) = O} <K || 14O ()(s) = Aw(e))(s)

+ 1 T(w,(1))(s) = T(wa(1))(s)] ] dr.

Consequently letting K vary from place to place,

104(0)= 0x(n)] 5 <K || L1401, (0) = Alwle))] 5
1T, () = T0a(0)) | 5] e

<K [ w0 = w0l (626)

where Proposition 6.2 was used in the last inequality. The last K in (6.26)
now depends on p and C,. Similarly one finds by Lemma 6.1 and Proposi-
tion 6.2 that

I53() = Ea(0) v <K || Iwi(2) = ,(0)] 3 . (6.27)

In the application of Lemma 6.1 we have used Remark 6.4 to guarantee
the existence of a constant K, independent of we X such that P-as.
sup,. |R(w(?))| < K,. Clearly (6.25) is a consequence of (6.26) and (6.27)
proving the claim.

Iterating (6.25) leads to
IL(w,)(0) = L)) 5o <K 1117, (6.28)

where y =sup, ., [|w,(t) — w(?)] g» < 2C,. This immediately proves unique-
ness of solutions. Indeed if w, and w, are two solutions, then since
w;=L"(w,) for all n, it follows from (6.28) that ||w,(z)—w,(?) s <
2C,K" |t|"/n!, which tends to 0 as n— oo. To prove existence, choose
woe X, for example, take wy(¢)=w, for all . Define w,=L"(w,), then
(6.28) shows that

Wy 1 1(8) = wo()ll e = | L (w1 )(£) — L(wo ) (1)l 5
<2C, K" |t|"/n!.

This last inequality shows that w, is B”-Cauchy uniformly in ¢, since
< 0 2C, K" |1]"/n! < 0. Thus w(t)= BP-lim,,_, ., w,(¢) exists uniformly in
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¢ and is a B”-continuous function. In fact, since each w, is B*-Lipschitz
with the Lipschitz constant independent of n, w is also B”-Lipschitz. It is
also clear, by passing to a subsequence to get uniform in s almost sure
convergence of O,(¢) and «,(t), that [|w(¢)|| = < C, for all teJ.

To finish the proof it suffices by Proposition 6.3 to show w:J—> ¥ R"
is differentiable in the B”-topologies and that w(¢)=[ O(¢)db+ [ a(t) ds
satisfies (5.5). Or equivalently O(¢), and a(z) are S?-differentiable and
satisfy (6.5) and (6.6). For this fix a p>2, the function
75 C(w,(1)) 0, (1) is SP-continuous and hence S§”-Riemannian
integrable. Using the same argument as in Lemma 4.5 and the definition of
L, it is easy to show that

Op,1(t)— 0, = jo' Cowy(1)) O, 11V de (P-as),  (629)

where the integral is a Riemannian integral in S”. We now estimate the
difference between the right member of (6.29) and j(’) C(w(1)) O(z) dr,

| [/ LCtn (0D 0,4 (01— COnte)) 0(e1) e

hYd

<[ 1C0 (0 0, 1(1) = COv(2)) Ol 5

<[ ICOHDI5 10, 2) = O o
+C, [ 1C0n,(0) = COn(e)l 5 i

<K 0 = w0

where 1/p = 1/r + 1/ and K = K(C,, sup,., |C(w(?))|5,). Since
lw, . () — w(z)|| g — O uniformly in 7 as n — oo, this last inequality shows
that the right-hand side of (6.29) converges to j{) C(w(1)) O() dt in the
S?-norm. Since the left-hand side of (6.29) converges to O(¢)— O, in
the S7 norm, it follows that

o(t) = 00+f' C(w(t)) O(1) dr. (6.30)

So by the fundamental theorem of calculus it follows that O is S” differen-
tiable with derivative O(z) = C(w(t)) O(¢). A similar argument shows that «
is SP-differentiable and that a satisfies (6.6). QE.D.



336 BRUCE K. DRIVER

COROLLARY 6.3. Let h: [0, 1] — R” be a C'-function such that h(0) =0,
and suppose that o, is a B®-Brownian semimartingale with values in M such
that ¢,(0)=o0. Then there is a unique C'-function 6: R - S =M, such that
(5.1) holds (6(t)=H(a(t))h) and o(0)=0,. Furthermore, the function
T S*M — S M defined by T"(a,)=0a(t) is a flow on ¥ M.

Proof. Existence follows from Theorems 5.2 and 6.1. The uniqueness
assertion follows from Theorems 5.1 and 6.1. The property that T” is a flow
again follows from uniqueness in the usual way. Q.ED.

Remark. In Proposition 7.1 below it will be shown that any differen-
tiable function ¢: R —> %M solving (5.1) is automatically C' with ¢
B?-Lipschitz for all pe [2, «0).

7. EXISTENCE AND UNIQUENESS FOR THE GEOMETRIC FLOw EQUATIONS

The purpose of this section is to give a more “direct” proof of
Corollary 6.3. This section may be skipped without loss of continuity. The
reason for including this section is that the techniques used may be useful
in the future.

The idea of the proof is to imbed M into R" for some N, and use a
standard Piccard iteration scheme to solve the equation

6(t)= H(o(2)h (7.1)

as an equation in R". Then with the aid of Theorem 2.4, it will be shown
that the solution o(¢) found this way actually takes values in M.

In this section, it will be assumed that M is an imbedded submanifold of
RY for some N. We also suppose that (Y, g, n, I, P) has been chosen as in
the proof of Theorem 3.2. Recall that Y is an open neighborhood in RY
containing M, n: Y - M is a C*-map such that n|,, =id, g is a metric on
Y which extends the metric on M, I" is a connection 1-form on R”" such
that V=d+ I on TM, and P(x)=n'(x). (Note well: in this section 7 is a
function on Y and not O(M).) Also write V for the covariant derivative on
TY defined by d+ 1. We assume that (Y, g, =, I, P) has all the properties
guaranteed by Theorem 2.3. It may further be assumed, by shrinking Y to
a relatively compact subset of Y if necessary, that the function I'(x)=11, ,
for xe Y is bounded along with all of its derivatives and that the metric g
is comparable to the Euclidean metric on R". The metric g is said to be
comparable with the Euclidean metric if there is a constant & > 0 such that
e v]’<glv,,v,.><e 2 |v|*n for all veRY and x in Y. Recall that v,
denotes the tangent vector (d/dt)|, (x + tv).

For any semimartingale o with values in Y starting at o € M, let u = H(o)
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denote the semimartingale with values in End(R", R") found by solving the
stochastic differential equation

Su+I'(6){do)u=0 with u(0)=u,. (7.2)

If ¢ is a semimartingale in M, it follows from the proof of Theorem 3.2 that
H(o) is the horizontal lift of ¢ to O(M), written in non-intrinsic form.
Moreover because I" is g-compatible, the linear maps u(s): R" — R"Y
(se [0, 1]) solving (7.2) are isometries with respect to the Euclidean inner
product on R” and the inner product g, =gl r,,y On R”, where o is now
any semimartingale in Y starting at o€ M. Therefore, because g is com-
parable to the usual metric on R”", it follows that

1
> =Y, lue, | <~ 072 Y g, Cuey, e,y =52
i i

where {e,} is the standard basis for R". This shows that the semimartingale
u= H(g) remains uniformly bounded independent of ¢ with the bound
lul <e .

LEMMA 7.1. Let o be any continuous semimartingale with values in Y
starting at oe M, then P(g) H(6)= H(n o). (Recall that P(c)=n'-0, and
this P does not denote the probability measure P.)

Proof. Define 6 =no0, u= H(o), and &= P(o)u. It suffices to show
ou+I(6)<o6)u=0, (7.3)
since #(0) = P(o) u,=u,. By Itd’s lemma,
o= P (6){(dc) u+ P(c) ou=dP{de) u— P(c) I'(c){dc ) u.

But by Theorem 2.3(iv), dP — PI'= — n*I'(- > P, which combined with the
last equation gives

ou= —n*I'(d6e) Plo)u= —I'{n,d0)u=—I{éc)u

This last equation is the same as (7.3). " Q.ED.

LEMMA 7.2. Suppose that 6:R—F*Y (a(t)=0+ [ O(t) db + | a(t) ds)
is a differentiable function (in the BP-topologies). Then o(t) is a solution to
(7.1) iff (O(1), a(t)) solves

O(1) = C(a(1)) O(2), (7.4)
and
a(1) = C(o(1)) aft) + R(a(1)), (7.5)
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where C(o(t)) and R(o(t)) are defined as follows. For any o = 0+f Odb+
focds in 7Y set

Clo)= —1I(0){-> H(c)h (7.6)
and
—:—%Z 6){0e;> I(a){0e,;> —I'"(6){0e;, Oe;>] H(c)h+ H(c) '
(1.7)

(The derivatives in (7.4) and (1.5) are to be interpreted in the S?-sense for
all pe[2, w).)

Proof. For notational simplicity, write u(z) for H(o(¢)) and suppress ¢
from the notation. Then if ¢ solves (7.1) one has

d6=0db+dds=duh)=06u-h+udh=—I(6){d6)> uh+uh' ds
= —I(6){do) uh—1I"(c){do, do ) uh
+3I(0){do) I'(6){dc) uh +uh’ ds

~I'(0) O dby uh+ { —I'(6)<ad>uh+ 1) [I(6){0e;> I'(6){O0e;)

—317(6){Oe,, Oe,>] uh+uh'} ds.
C(c) O db+ [C(o) a+ R(0)] ds.

Equating the db-terms and the ds-terms on both sides of this last equation
yields (7.4) and (7.5). Q.E.D.

Equations (7.4) and (7.5) are the analogues of (6.5) and (6.6) of the last
section. Equations (7.4) and (7.5) have the disadvantage of being non-
intrinsic; however, they are analytically simpler than (6.5) and (6.6). This
is because the coefficient C(g) is bounded independent of o. Indeed,
|C(6)) < Me~ ! |h|,, where M is a bound on I

LEMMA 7.3. Suppose that ¢ and & are & Y-Brownian semimartingales,
and that pe [2,00) then there is a constant x independent of o, h, and p and
constants K, = K(p, |6 — 0| g=, |G — 0l g=) for pe [2, ) such that

(i) |H(o)— H(@G)l g <K, l0—Gllze  for pel[2, o) (7.8)
(ii) IH(c) —u,ll 5o <k[1+ 6 —0l3,];  and (79)
(iii) IH(o)hllgo <k 1h) - [1+ 6 —0]3,1. (7.10)

In (ii) and (ii1) above p = oo is permissible.
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Proof. Let U(o)= (o, H(0)), then U solves the Statonovich differential
equation éU(c)= F(U(0)) da, where F(x, u)a=(a, —I'(x){a)u) for xe Y,
aeR”, and ue Hom(R", RY). Equation (7.8) is now seen to be a direct
consequence of Corollary 4.1 applied to the equation for U. Notice that the
only way compactness entered Theorem 4.1 and Corollary 4.1 was to
guarantee that the vector field X and all of its derivatives were Lipschitz.
But our [ satisfies this condition and hence so does the function F.

To prove Eq. (7.9) first express (7.2) in It6 form,

du= —TI(c){do>u+1%Y {(I'(6){0e;>)*—TI"(6){0e;, Oe;>} ds,
i=1
where {e;} is the standard basis for R”. Use the boundedness of
u=H(og), I', and I’ along with Lemma 4.1 to conclude

lu—1u,llgp < Clio—ol go+ C 0%,

where C is a constant independent of o. Equation (7.9) is an easy
consequence of this inequality, since |O|sr <o —o0|z and x(1 4+ x)<
const.(1 + x?) for all x=0.

To prove (7.10), write u=H(o) as u,+ [ A db+ |  ds and compute

d(uhy=Adb h+ [ Bh+ uh'] ds,
from which it follows
k)l g < || CIIH(0) =ty ligr +€7 "1,

since |H(6)| o <&, |hl, <|H|,. Equation (7.10) is an easy consequence
of this last displayed equation and (7.9). QED.

The next proposition is the analogue of Proposition 6.3. Now that C(c)
is bounded independent of o, the B*-boundedness assumption that was
used in Proposition 6.3 is no longer necessary. The following jazzed up
version of Gronwall’s inequality will be used in place of Lemma 6.1(i).

LEMMA 74. Let (V,|-|) be a normed linear space. Assume that
f:(—a,a)—V is a differentiable function and there are constants ¢ >0 and
k=0 such that | f(0)|| <k |f()ll +¢& for teI=(—a, a). Then for all tel

If @1 <e " LU0 +e 12l 1.

Proof. Because f is differentiable, f is continuous and so for each
Te(0,a), Mr=sup, <l f(¢)l is finite. Let ¥* denote the continuous dual
 V and let |-|| also denote the induced norm on V*. Choose le V'*
such that ||A|=1 and set g(#)=A(f(¢)). Then g:I—R is differentiable

80/110/2-7
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with g(¢)= l(f(t)) and hence |g(1)| < ||f( WM, for |t]<T. Apply
Theorem 8.21 of Rudin [Ru] to g to find

M) =8(1) = g(0)+ | ¢(0) e
Therefore,

70 <1z + | a0 de

<o+ [ 171

<IAO +x| [ 170 de [ +e 1,

from which it follows, by taking the supremum over Ae V* with i) =1,
that

IAOI <O +e el +x

[ ey ae .
0

(Notice that ¢ — ||f(¢)| is Borel measurable, since it is the pointwise limit
of the Borel functions F,(¢f)=n|f(t+1/n)—f(O)l -1 14<a1/my-) The
lemma now easily follows from Gronwall’s inequality, Lemma 4.3. Q.E.D.

ProrosiTiON 7.1 (Regularity). Suppose that a:R—-> F*Y (o(t)=0+
[ O(r) db+ [ a(t) ds) is a differentiable function which satisfies (7.1), then o
is C' (in the BP-topology) and t— 6(t) is B”-Lipschitz for all pe[2, o).
Furthermore, it is possible to choose versions of O(t), a(t), C(t)= C(a(1)),
and R(t)= R(o(t)) such that (1.4) and (11.5) hold pointwise P-a.s.

Proof. Recall that |C(g)| <« |h|,,, where k depends only on g and I
So by (7.4), 10Dl s <k Al |O()]s» for all ¢ and pe[2, ). Thus by
Lemma 7.4, | O(1)|| s» < ||O(0)]| s e "= for all € R and pe [2, o0). Letting
p tend to infinity in this last estimate yields

10(1)] 5= < [0(0)]] 5 €™ . (7.11)

It is now easy to conclude from (7.7) that there exists a constant C,
independent of ¢(¢) and 4 such that

IR(a(1))ll 50 < Co W[ [1+ 10(1)] 5]
<C, W] [141000)]] 5 € 11=1], (7.12)

Now apply Lemma 7.4 with p <oo using (7.5) and (7.12) to find, after
letting p — oo, the estimate

()l s < e = {fla(0)]f 5o

+C, [ o [1] [1+O(0)]| 5o €11 M= T}, (7.13)
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From (7.11) and (7.13) one can show at the expense of increasing k that
lo(t) — 0]l g < ke* "1¥1= [1 4 ||o, — 0] 5 1. (7.14)

In particular this shows that sup,., [l6(¢) — ol z= < co for any solution to
(7.1), where J is any compact interval. For definiteness take J=[—1,1].

Knowing that Z=sup,., |lo(f) — 0|l g= < co allows us to apply Lemma
7.3(i). By Lemma 7.3, Burkholder’s inequality, and the boundedness of
h, I, I, H(c) and O(z), it can be shown that there is a constant
K,=K(Z, p, |h'| ) such that

[C(a()) — Clo(t)llsr < K, o(t) —a ()| 5 (7.15)
and
[ R(a(2)) — R(a(2))llsr < K, 0(£) — a ()] 5» (7.16)

for t, teJ. (See also Lemma 4.6.) Since ¢ is B?-differentiable, (7.15) and
(7.16) show that C(¢)= C(a(t)) and R(t)= R(o(t)) are also BP-continuous.
The remainder of the proof may be completed using the same techniques
as those in the proof of Proposition 6.3 with (6.5) and (6.6) replaced by
(7.4) and (7.5). Q.E.D.

We are now ready to solve (7.1) by the method of Piccard iterates. For
a C'-function ¢: [T, T] - £>Y, let L(g):[-T, T]-» ¥L*R"Y be the
C'-function defined by

L(e)(t) =0, +j H(o(2)) h dr, (1.17)
0
where now all integrals are to be interpreted as Riemann integrals in B” for

all pe[2, o). The next lemma collects a number of estimates involving the
function L.

LemMMmA 7.5. Let T>0, k be as in Lemma 13, pe[2, ©), =« |k,
and for o [T, T] » LY set

K,(c)=B-[1+ sup |la(t)—ol3,]1. (7.18)

[T

Suppose that ¢, ¢, and ¢, are C'-functions from [ ~T, T]1 > &Y, then L
satisfies the following inequalities:

(i) L(a)t)—o,llsr <& ' |hly lt] (p= 0 is permissible);  (7.19)

(it) [L(o)(t) = L{o)D) gr < K,(0) [t —1| forall t,1e[ T, T]; (7.20)
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(ii1) [L(e)t) =0, pr < K,(0)T; (7.21)

(iv) I1L{o 1 )(1) = Lo )} 5 < C,

[ lo@—osolpdn|.  (1.22)

where C,= C,(sup <7 110,(t) — 0l g, sup, < 7 105(t) — 0| g ).

Proof. Since the BP-norm dominates the S”-norm for p< oo, it is
permissible to estimate ||L(c)(t)—o,lls» by |4 |H(a(1)) Al srde|. This
immediately implies (7.19) for p < oo, since |H(a(z)) hlls» <& '|h|... So
by passing to the limit p — oo, (7.19) holds for p = c0. The second estimate
follows from (7.10), the definition of X, in (7.18), and the estimate

IL(a)(2) = L(o)(t)] 5» <

[ 1 (&) Bl g e

The third estimate is a consequence of (7.10), the definition of K, in (7.18)
and the inequality

IL{o)(1) =0, <

J, 1o(2)) il g di

For (iv), one estimates

1L{a)(£) = L(a;)(1)]| » < ‘ JO’ I LH(a(1)) — H(05(t))] Al 5 dt

<2, 1,

[ 1H0,(2)) = (o)

<G,

[ o) = x(@)lp e |, (7.23)

where the second inequality is a consequence of Lemma 4.1(vii), and the
last inequality is a consequence of (7.8). Q.E.D.

ProposITION 7.2 (Local Existence). Let h: [0, 1] —» R" be a C'-function
such that h(0)=0, o, be a Brownian semimartingale in M such that
6,(0)=0, and ||6,— 0|l g= < c0. Then there is a constant T=T(a,, h) such
that there exists a C'-function ¢:[—T, T]—= S =Y solving (7.1) with
a0)=g,.

Proof. For T>0 let X, be the set of C'-functions 6: [—T, T} —» =Y
such that ¢(0)=o0,, and sup, < rllo(¢t)—o,l z= < 1. By (7.19) with p=c
and the compactness of M we see that L(o)(t)e =Y provided that
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[f] <ep/|hl|, where p is the distance of M to the compliment of Y. By the
triangle inequality |o(?) — 0] g= <1+ {6,— 0] 5= for all ¢ € X;.. Hence for

K=B[1+(1+]o,—oll5=)],

then sup,.y, K, (0)<K<oo, where f and K, (o) are defined in
Lemma 7.5. Consequently by (7.21), ||L(o)(¢1)—0,|l = < K |t| and hence
IL(c)(t)— 0, g= <1 provided |f] < 1/K. As a result of these comments L
maps X, back into X, provided T is less than 1/K and ep/|h|,. Also
notice that the constant C, which occurs in (7.22) may be chosen to be
independent of ¢, and o,€ X .

To summarize the above paragraph, for T sufficiently small L maps X
back into X, and L satisfies, for all pe[2, o0), (7.20) and (7.22) with
constants C, and K, which can be chosen to be independent of g, ¢, and
0, in X,

We now fix a T<min{1/K, ep/|h| ., }. Define ao(t)=0, for te[-T, T],
so that ¢, X and let ¢,(2) = L"(0,)(¢), where L™ is the nth iterate of
L. Because of (7.22), it follows (as in the proof of Theorem 6.1) that o,
converges uniformly in the B?-norms for pe [2, o) to a Lipschitz function
o:[-T, T] - &Y. It is also clear from (7.22) that L(c) =g, i.c.,

o(ty=0,+ J H{o(t)) h dr.
0
But this last equation shows o: [ — T, T] —» & *Y is a C'-solution to (7.1).
Q.ED.

It is now easy to give the second proof of Corollary 6.3.

Proof of Corollary 6.3. First we start with the uniqueness assertion of
Corollary 6.3. Suppose that ¢ and ¢: [— 7T, T] » ¥ =Y are two necessarily
C'-solutions of (7.1) with initial condition ¢,. According to Lemma 7.4,
there is a constant C, depending on ¢, and ¢, such that (7.22) holds. Now
using L(g,)=0, and L(o,)=0,, iteration of the inequality (7.22) shows
0,=0, just as in the proof of uniqueness in Theorem 6.1. (See the
argument starting at Eq. (6.28).)

Suppose that T is as in Proposition 7.2, so there exists a necessarily
unique C'-solution o:[—T7,T] - ¥*Y to (7.1) with values in Y. By
Proposition 7.1, 6 is BP?-Lipschitz for all pe[2, o). By Lemma 4.8,
d=noo: [-T,T] > %*M is a C'-function for which ¢ is also B?-
Lipschitz for pe[2, o). (Recall in this section = maps Y to M and not
O(M) to M.) We will now see that ¢ also satisfies (7.1). Since, & is differen-
tiable, it suffices to identify the derivative of & with H(G)A. With the aid of
Kolmogorov’'s Lemma we may assume that versions of ¢, &, H(s), and
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H(é) have been chosen to be P-as. C° as functions of (¢, s). For these
versions we have

(1) = P(a(1)) 6(1) = P(a(1)) H(o(1))h=H(G(1))h,

where the last equality is a consequence of Lemma 7.1. Thus & is also a
solution to (7.1) with initial condition 6(0)=n-0(0)=n-06,=a,, wWhere
nog,=0, because o, is in M and =n|,, =id on M. (In fact by uniqueness,
o=4¢.) So we have shown for T=1T(g,, h)>0, there exists a unique
solution : [ —T, T] » ¥ M solving (7.1) and ¢(0)=0,.

Up to now only intervals [ — 7, T] centered about =0 have been con-
sidered, but it is clear because Eq. (7.1) is autonomous that we may equally
well center the interval about any other 7, in R. So as is standard in
ordinary differential equations, it is possible to construct (using uniqueness
and local existence) a “maximal” solution (g) to (7.1) with ¢(0)=0,. By
standard arguments, this maximal solution (o) will be defined on all of R
provided ¢ does not blow up in finite time. But (7.14) clearly rules out any
finite time blow up. Q.E.D.

8. QUASI-INVARIANCE OF THE FLOW

One purpose of this section is to show the solution to (5.1) with initial
condition ¢(0) =0, equal to a Brownian motion has the “quasi-invariance”
property, i.e., the law of ¢(¢) remains equivalent to the law of ¢,. Recall
two measures P and Q are said to be equivalent if they are mutually
absolutely continuous with respect to one another. The other purpose of
this section is to use (5.1) to construct a flow on W(R") rather than a flow
on the space of Brownian semimartingales & R". As mentioned in the
Introduction, these two issues are closely related. In order to solve both of
these problems it is necessary to assume that covariant derivative (V) has
the following skew symmetry condition.

DerFiNITION 8.1. The covariant derivative V is said to be torsion
skew symmetric (TSS) if for each meM and veT,M the map
(w—o Tv,wd): T,,M — T,, M is skew symmetric with respect to the metric
&m =8|, An equivalent condition is that for each frame u e O(M) and
acR"”, the map (b—0,{a,b)>). R"—>R" should be a skew-symmetric
linear transformation.

ExaMpLE 8.1. (a) If V is the Levi-Civita connection, then V is TSS
because the torsion is zero.

(b) Suppose G” is a compact Lie group with Lie algebra 4, and

choose an Ad-invariant inner product ((-, -)) on g Define a metric (1) on
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G by the formula n{L,.a, L,+b) =(a, b), where a,be gy, geG, and L, is
left multiplication by geG. Clearly L,:G— G acts isometrically, and
because (-, -} is Ad-invariant, it also follows that the right multiplications
{R,}cc act isometrically. If V is the left covariant derivative on 7G (see
Example 5.1(b)) then V is TSS. The reason is that upon identifying R”
with g (so that a frame « at g is now an isometry from ¢ to T,G) one
finds for ue O,(G) and a, be 4 that ©,{a,b)> = — O~ '[Oa, Ob], where O
is the orthogonal transformation on ¢ such that u=L,.O. Therefore,
0.{a,->=—07"ad,,0 which is skew-adjoint on g4 for all ae 4 because
of the Ad,-invariance of (-, -).

(c) Keeping the same notation as above but now take V to be the
right covariant derivative on TG (See Example 5.1(c}), then V is TSS. Here
6,.<{a,->=0""ad,,0, where now O is the orthogonal transformation
such that u = R,. 0. (The change in sign comes from the definition of the
Lie-Bracket in terms of left invariant vector fields rather than right
invariant vector fields. The function (g—g '):G— G transforms right
invariant vector fields to left invariant vector fields.)

(d) Suppose that (G, 1) is as in part (b) and that H is a closed sub-
group of G. Let M =G/H = {gH: ge G} be the homogeneous space of right
cosets. For ge G set g=gH, and let p: G - M be the canonical projection
p(g)=g Then p: G- M is a principal bundle with structure group H.
Let 4 be the Lie algebra of H, and 4 be the orthogonal compliment
of 4 in g4 relative to (.,-). Then for each ge(G, the map
p8)=pyLesl, 4> T, M is an isomorphism. M can be made into a
Riemannian manifold by requiring p(g) to be an isometry for each geG.
(See [KN, pp. 154-155].) Similar to the Lie group case, it is convenient to
identify O,(M) with the set of isometries u from 4~ to T,M. Given the
above data, there is a natural connection @ on p:G— M defined by
<&, )= (Lgi,‘ég) +» Where a, denotes the orthogonal projection of ae g
onto 4. The #4-valued 1-form (@) is easily seen to be a connection 1-form
using the fact that Ad, leaves both # and 4% invariant for all he H. Let
O(#4*) denote the orthogonal transformation on 4% and Ad: G- O(g)
denote the adjoint representation of G. Then Ad(H ) leaves 4" invariant, so
Ad: H— O(4") defined by Ad(k)|,. is an orthogonal representation of H.
Taking O,(M) to be the set of isometries (4) from 4" to T, gM,' the map
p: G — O(M) defined above is a principal bundle morphism covering the
identity of M such that p(gh)= p(g) Ad(h).

The morphism p and connection @ on p: G— M induce in a standard
way a unique connection (w) on O(M), such that & =p*w, see [KN,
Proposition 6.1, p. 79]. The connection (w) has the property that a path
u(t) in O(M) over o(z) in M is horizontal iff u(r)=p(g(t))O where
OeO(4*) and g(t) is an @-horizontal path in G. The reader may now
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verify that for all ge G and a, be 4+ that 0,<a,b>= —[a,b],., where
[a, b],. denotes the orthogonal projection of [a, b] onto #*. It is now
casily seen that (b > 0 ,,,<{a, b)): #* — 4" is skew symmetric.

The next proposition explores the relationship between a TSS covariant
derivative (V) and the Levi-Civita covariant derivative (V).

ProposITION 8.1. Let (M, g) be a Riemannian manifold and suppose that
V is a metric compatible TSS covariant derivative on M. Let V denote the
Levi-Civita covariant derivative on M. Then for ve TM

(1) VU=VU+%T<U5'>’
where T is the torsion tensor of V, and (8.1)
(ii) the Laplacian constructed using V is the same as the Laplacian
constructed using the Levi—Civita covariant derivative V.

Remark. This proposition shows that the notion of a V-Brownian
motion and a V-Brownian motion agree. However, if V # V, the horizontal
lift operators HY and H ¥ will be different. These observations seem to play
a crucial role in Gross’ paper on logarithmic Sobolev inequalities on loop
groups [Gr4].

Proof. (i) Let X, Y, Zbein T,,M, and let A(X ) be the operator on
T, M such that V, =V, + A{X ). Because V is torsion free, it follows that
T{(X,Y>=A(X)>Y— A{Y ) X. From the metric compatibility of V and v
one learns that 4{X ) is skew adjoint on T,, M. Using these two properties
it is easy to show

28CAKXY Y, Z) =g<T{X, Y}, Z) —g{TY, Z), X} + g{TKZ, X), Y.
(8.2)

To verify (8.2) just expand the right member of (8.2) in terms of the
A’s and simplify. Because of the skew symmetry properties, 7Y, Z) =
—T(Z,Y)and Z— T{Y, Z) is skew symmetric, 0 = —g{T<Y, Z), X> +
g{T{Z, X>, Y). Therefore (8.2) simplifies to

20{ALX ) Y, 2 =g{TI<{X, Y}, Z).

Since Z is arbitrary, this proves part (i).

(ii) Let {E;}7_, be a local orthonormal frame near me M and f be
a C™-function on M. Then by definition the Laplacian (4) constructed
from V,

Af=3 (VA )KE, E)=) (E}f—df<V5E>)
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By part (i), V5 E,=VE +(1)2) T<E, E;>=VE, so that the above
displayed equation may be written as

Af=3 (E}f—df{VLE}>),

which is the definition of the Levi-Civita Laplacian. Q.ED.

The next two lemmas will enable us to determine when solutions to (5.1)
have the quasi-invariance property. The second of the two lemmas is a
corollary of Girsanov’s theorem along with Novikov’s criterion. This
lemma will be used to prove quasi-invariance of the flow (5.1) when V
is TSS.

LEMMA 8.1, Let w =j O db +j ads be a Brownian semimartingale,
where O is an n x n matrix valued continuous predictable process and a is an
R"-valued predictable process. If the laws w and b are equivalent, then the
process O is O(n)-valued P-a.s.

Proof. Letp,=w, P and p=>5b, P (Wiener measure) denote the laws of
w and b, respectively, on W(R"). Recall that if Q is a manifold and
{X(5)}5c 0,17 18 a Q-valued continuous process, then X may also be viewed
as a function from Q to W(Q) by setting X(w)(s) = X(s, w). Also recall that
X, P denotes the measure on W(Q) such that X, P(f)= P(f-X) for all
bounded measurable functions f: W(Q) - R.

Let &,: W(R")— R"” denote the coordinate map &,(x)=x(s) where
xe W(R"). (I will write &, or £(s) interchangeably.) Since {&,} .01y 18 2
Brownian motion with respect to u, the quadratic covariation process
[&', &/ 1(s) = 6,5 when computed relative to u. Since y,, is equivalent to p,
[&, & 1(s)=08,s still holds relative to p,. From this it follows (see
Corollary 8.1 below) that [w', w/](s)=4,s P-as. Now, [w', w/](s) can
also be computed directly to find

[ w/1(s) = || [0(5) 0%(5)], s

Thus one finds that the P-as. [} [O(s") O%(s')];ds’ = ;5. Taking the
derivative of this last expression implies P-as. that [O(s) 0%(s)],=4,.
That is, O(s) 0" (s) = I. QED.

Lemma 8.2 (Girsanov’s Theorem). Letw = j Odb+ j o ds be a Brownian
semimartingale such that (O, a) is a predictable O(n)x R"-valued process.
Assume there is a non-random constant C > 0 such that P({{ |u(s)|* ds < C)=1,
then u="5b,P and p,=w,P are equivalent.
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Proof. 1 will follow closely the proof in Protter [Pr, Theorem 21,
p. 111]. First define the square integrable martingale M, = [} a-O db and
set

Z,=exp(— M, ~A[M, M]S)zexp{—f %0 d ~%r|a|2ds’}.
0 0

It is standard and easy to verify that dZ,= —Z,dM,, so that Z is a
local martingale. Since [M, M ], = [ |a(s)|* ds < C, Pexp(3[M, M],)]<
e“? < 0. Therefore by Novikov's criterion (see [RY, Proposition 1.15,
p-308]), Z is actually a martingale and in particular P(Z,)= P(Z,)=
P(1)=1 for all s.

Define Q=Z,-P, ie, Q is the probability measure on £ such that
dQ/dP=Z,. Since Z, >0 P-as., the measures P and Q are equivalent. Let
B be the P-martingale p=[Odb, and notice that [, p/](s)=4%. By
Girsanov’s theorem (see [Pr, Theorem 20, p. 109]), the process

B’éjz” d[Z, ﬂf]:ﬁ"+jd[M, dﬂ"]=ﬂ"+[aids=w"

is a Q-local martingale for each i€ {1, 2, .., n}. Since the measure P and Q
are equivalent, quadratic covariations computed with respect to P or Q
give the same answer. Therefore [w’, w/] =4,s relative to Q. We may now
use Levy’s theorem [Pr, Theorem 38, Chap. II] to conclude that w is a
Q-Brownian motion.

We now know that w,Q=u=>b,P. Thus given any bounded
measurable function f: W(R") — R, it follows that

P(f(b)) = Q(f(w)) = P(Z,f(w)). (8.3)

Suppose that f: W(R") - R is a non-negative measurable function. By
(8.3) and the fact that Z,>0 P-as. it is trivial to verify that the
following statements are equivalent: (i) u,(f)=0, (i) P(f(w))=0,
(iii) P(Z . f(w)) =0, (iv) P(f(b))=0, and (v) u(f)=0. The equivalence of
statements (i) and (v) above clearly implies that u,, and u are equivalent.

Q.ED.

Remark 8.1. 1t will be useful to note that P(Z7) < oo for all reR. To
see this first notice that

5 2 s
Z;:exp{—rj a-Odb—%f Ialzds’}
0 0

2_ s
x exp {Lz—’f Ialzds’}EUs~ V.. (84)
0
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By Novikov’s criterion U, is still a martingale and in particular P(U,) = 1.
The second term (V) in (8.4) is bounded by exp(Cs |r* —r|/2), and hence

P(Z7)<exp(Cs |r* —r]/2) < co. (8.5)

COROLLARY 8.1. Keep the same assumptions and notation as in
Lemma8.2. Let p=du,/du be the Radon—Nikodym derivative of u, with
respect to y, and let ¥ be the o-field generated by the random variables w(s)
for s in [0,1]. Then 1/p(wy= P(Z, | H#). Furthermore for each reR, p" is
u-integrable. (Warning: the analogous formula in the proof of the Corollary
on p. 112 of [Pr] is missing the above conditional expectation and a proper
interpretation.)

Proof. Suppose that f is a bounded measurable function on W(R").
Then p,(f)=ulpf)=P(p(b) f(b))=P(Z;p(w)f(w)) by (83). Because
p(w) f(w) is H#-measurable, u, (f)=P(P(Z, | #) p(w)f(w)). On the other
hand by definition of u,, u,.(f)=P(f(w)). Hence P(f(w))=
P(P(Z,| #)p(w)f(w)), and this holds for all bounded measurable
functions f: W(R") - R. Thus P(Z, | #) p(w)=1 P-as.

Because u(p”) = P(p'(b)) = P(Z,p'(w)) = P(P(Z,| #)p"(w)) =
P(P(Z,| #) '), the assertion that p" is p-integrable for all r is equivalent
to the assertion that P(Z, | 5#)" is P-integrable for all real r. This last
assertion follows from the following purely measure theoretic lemma and
Remark 8.1. Q.E.D.

LeMMa 8.3. Ler (2, #, P) be a probability space. Suppose that # c &
is a sub-sigma field of &, and Z: Q — R is an F-measurable function for
which Z" is integrable for all re R, then U’ is integrable for all r € R, where
UsP(Z| #).

Proof. 1f r>1, then U'<P(Z"| #) P-as. by Jensen’s inequality, so
that P(U") < P(Z") < oo. It now follows from Holder’s inequality that U" is
integrable for all r > 0.

Now suppose that r >0, then

P =" ru=C+DP(U <) d, (*)

0

which is verified by the computation
u-! ac
P(U")zP(j ry"Wiy):P(f | P -ry"’dy)
0 0
=[ P s =y PU<y Y dy
0 0

=J ru= "+ VP(U < u) du.
0
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Since =" * 1) is integrable for u near infinity and P(U < u) <1, in order to
show P(U ") < oo for all r> 0 it suffices (by (%)) to show that for all k>0
there is a constant C, such that P(U <u) < C,u.

By Chebyshev’s inequality for all 6 >0, P(Z<8)=P(Z " '>6"1) < é%¢c,
where ¢, = P(Z*). Hence,

PU<u)=PU<u, Z<d)+P(U<u, Z=9)
e 5+ P(P(Z=6| #); U<u).

Now again by Chebyshev’s inequality,
P(Zz6| #)<S6 'P(Z| H#)=6""U P-as.
Combining the last two displayed equations yields
P(U<u)<c, 0"+ 67 'P(U; U<u)< e, 65+ 6 'uP(U<u).
Now set & =2u, and solve for P(U <u) to find
P(U<u)<c 2M¥/(1 = 1)2) = ¢, 2% " 'k = Cru.

This 1s the desired estimate and the lemma is proved. Q.ED.

THEOREM 8.1. Suppose that h: [0,1] - R" is a C'-function such that
h(0)=0. Also assume that the covariant derivative V is torsion skew sym-
metric (TSS). Let w,=[0,db+ [a,ds be an R"-valued Brownian semi-
martingale such that O, is an O(n)-value process and |a,l|| s« <o0. Let
w: R = P R” be the solution to (5.5) given in Theorem 6.1. Then the law of
w(t) (Hwy=w(t)P) is equivalent to p—Wiener measure on W(R").
Furthermore, if p is the Radon—Nikodym derivative p = d(w(t), P)/du, then
p" is p-integrable for all re R.

Proof. We may restrict r to a compact interval which for definiteness is
taken to be J=[—1,1]. Write w(r) :IO(t) db +jac(t) ds, then the pair
(O, a) satisfies Eqgs. (6.5)—(6.6) with O(0)=0, and «(0)=«,. Because V is
TSS the process T(w(t)) = @, <h, - > (where u(t)=I(w(t)), see Eq. (5.7)) is
so(n) valued. Therefore the process C(w(t))= A(w(t))+ T(w(z)) is so(n)-
valued because A(w(t)) is always skew symmetric. Because of Proposi-
tion 6.3 and Corollary 6.1, we may find a version of (O, a) such that the
solution (O) to (6.5) with O(0)= 0, is an O(n)-valued process and |a(¢)|
is bounded by a non-random constant C independent of teJ. More
precisely, by an application of Lemma 6.1 to (6.6) using the estimates
(which are easily derived from (6.7) and (5.8))

|R(w(1))($)] < CLIA(s) + |A'(s)] ],
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and
[ T(W()S) =10 yiysy CAs)s - D1 < C ()],

we find that |a(2)(s)] < CeC "™ . [|a,(s)| + |hA(s)| + |4'(s)]] for some
constant C. In particular this implies there is a constant C’ such that

J, 1012 ds’ < Ce e [ Ll (5)17 4 A (5D ' (+)

Lemma 8.2 may now be used to conclude that the laws of w(¢) and u are
equivalent for all 7. Corollary 8.1 shows that p” is u-integrable for all r€ R.
Q.ED.

Up until now, Egs. (5.1) and (5.5) have been used to produce a flow on
the space of Brownian semimartingales. Now that we know that the flow
to (5.5) in the space of Brownian semimartingales has the quasi-invariance
property, it makes sense to try to consider (5.1) and (5.5) as flow equations
on W(M) and W(R"), respectively. In order to do this, it is necessary to
make a digression into the properties of stochastic integrals and differential
equations as functionals on path spaces. The discussion of the existence of
a flow on W(M) or W(R") will begin just before Definition 8.3 below.

Notation 8.1. Let V be a finite dimensional manifold, W(V)=
C([0,1], V), and for O0<s<1 let #(V) be the o-algebra on W(V)
generated by the coordinate functions {&,:0<s'<s}, where ¢ (w)=
w(s)e Viorall we W(V). For s = 1 set 3£(V) = H#(V)—H# (V) will also be
denoted simply by (V). If Q is a measure on s (V), let #¢ denote the
completion of (V) with respect to Q. The extension of Q to # 2 will still
be called Q. Let A(Q)={4e#2: Q(4)=0} be the null sets of Q. The
completion of the filtration {#(V)} with respect to Q is the filtration
{#2} where £ =0a(H(V)u N (Q))—the o-algebra generated by H# (V)
and all Q-negligible sets. Finally let #¢, =(\,., #Z, ,, so that {#2, },.,
is a right continuous complete filtration (with respect to Q) on W(V), ie.,

(W(V), {#2 .0, #2, Q) satisfies the usual hypothesis (see Section 3).

Remark 8.2. Clearly if Q' is another measure on (V) which is
equivalent to Q then #2=#2 for all s.

Suppose that (@, {£}, #, P) is a filtered probability space satisfying the
usual hypothesis and {X,}, o 17 is a continuous adapted V-valued process
on 2. (So we may view X as the function from Q — W(V) given by
weR - (s> X (w))e W(V).) The condition that X, is Z-adapted is
equivalent to the function X being &,/ #,(V) measurable for all se [0, 1].
The proof of the next lemma is easy and is left to the reader.
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LEMMA 8.4. Assume the notation in the above paragraph. Let Q = X P
be the law of X on W(V), then X is %,/ # 2, -measurable for all se [0, 1].

Keep the same notation as in Notation 8.1 except now suppose that V
is a finite dimensional vector space. Also assume that Q is a measure for
which the coordinate functions {&}, [ (7 form a semimartingale on
(W(V), {H#2 }i50, #2, Q). Suppose that Z is another finite dimensional
vector space and that {A4,} is a Hom(V, Z)-valued # 9, -adapted con-
tinuous process on W(V). Let ¢ be a fixed continuous version of j A dé,
so that ¢ may be viewed as a function from W(V)— W(Z) which is
H 2, | #(Z) measurable for all se [0, 1]. The next proposition is a special
case of [RW, Lemma 10.1, p.125] when Q is the standard Wiener
measure.

PROPOSITION 8.2. Assume the setup in the above paragraph—so ¢ is a
fixed version of _[ A d&. Suppose {X,}, o1y is a V-valued semimartingale on
a filtered probability space (2, {#,}, P) satisfying the usual hypothesis and
X, P and Q are equivalent on # (V). Then ¢~ X is a version of | A(X) dX
or written more suggestively: (f AE)dE)o X = A(X) dX.

Proof. First notice by Lemma 8.4 that X is %, /# ¢ measurable for
each s, so that A(X) is %, /#(Hom(V, Z)) measurable for each s—i.e.,
A(X) is an #-adapted continuous Hom(V, Z)-valued process. Hence, the
stochastic integral jA(X )dX is well defined. Similarly ¢ X: Q - W(Z) is
./ #(Z) measurable for all 5. In order to identify ¢ -~ X with j A(X) dX, we
apply [Pr, Theorem 21, p. 57] to learn for each ¢ >0 that

Q(sup >£>-—>0 as K- oo, (8.6)

Ry

K
Ps— Z Asi(és/\_\‘,'+1 —éS/\s,')
i=1

where 5;,=sX=5-i/K so that 0=5,<5,<s,< --- <sg=ys is a partition of
[0, 5] for each K. Since X, P is equivalent to Q, we may replace Q in (8.6)
by X, P, and use the fact that £,(X)= X to find

K
P(sup (@eX),— Y (Ao X), (X, . —X,.,) >s>—>0 as K- .
5 i=1
(8.7)
But again by [Pr, Theorem 21, p. 57] we know that
s K
P(sup [a0ax—3 (-0, %, ~X,,.) >e>
s 0 i=1
-0 as K- o0. (8.8)

The proposition now follows from (8.7) and (8.8). Q.E.D.



QUASI-INVARIANCE 353

COROLLARY 8.2. Keep the same notation and assumptions as in Proposi-
tion 8.2 and for definiteness take V=R". For i,je {1,.., N} let Y" be a
fixed version of [E',¢/]. So that 7 W(RY)—> W(R), and each 7 is
f&/]_(;(R) meqsur_able for a]l s_e[O, 1]. Then YV X is a version of
(X, X7, ie, [& & X=X X'].

Proof. By definition of the quadratic covariation ([&/, £/]), y¥ is a ver-
sion of £/ — &L &5 — [ &7 dE/ — [ &7 dE'. Let ¢ be a fixed version of | &' d¢/
for each i and j. Then /¥ is indistinguishable from k= &'&/— &} . &) — ¥ —
@”. With the aid of Proposition 8.2 we find that k- X is a version of
XX/—X,-X§—[ X' dX’— [ X/ dX' which is a version of [X’, X/]. But
since X, P is equivalent to Q it easily follows that xoX and YV~ X are
P-indistinguishable. Therefore ¥ - X is also a version of [X?, X/]. Q.E.D.

COROLLARY 8.3. Keep the same assumptions and notation as in
Corollary 8.2. Let Bi(R") denote the set of bi-linear forms on R" taking
values in some fixed finite dimensional vector space. For each # 2, -adapted
Bi(R")-valued process (G) and any R™-valued semimartingale (Y), set

[G(ricar,ary=y [G,(ndry, v/],

where G;(w)=G(w){e, e;> with {e;} the standard basis for R" and
we W(R"). Suppose that \ is any fixed version oij(f)(dé, d¢>. Then
YoX is a version of jG(X)(dX, x>, e, (jG(é)(dé, dEd)o X =
[ G(X)<dX,dX ). Recall we are assuming that X, P is equivalent to Q.
(Actually it does not matter that G is adapted for this lemma.)

Proof. Let ¥ be fixed versions of [/, ¢/] for each i and j. Then  is
Q-indistinguishable from ¥ [ G; dyY. We can now use the Riemann sum
approximation argument as in Proposition 8.2 and the fact that %+ X and
[X?, X/] are P-indistinguishable to conclude that y - X is indeed a version
of jG(X ){dX,dX>. (In this case the Riemann sums approximating
{ G;(&) dy¥ will converge uniformly Q-a.s.) Q.ED.

COROLLARY 8.4. Keep the same assumptions and notation as in
Corollary 8.2. Now assume that o.=Y,a,dx" is a one-form on R”, and ¢ is
any fixed version of [a{dEy =3, o, (¢)6E. Then @oX is a version of
JoaddX =3, [ a,(X)0X", ie., (JaddED)o X =[aldX).

Proof. For any R"-valued semimartingale Y, by definition of the
Stratonovich integral and Itd’s lemma, [a(dY) =3, [o,(Y)dY'+
53,1 0,aXY)dL Y, Y/], where §,=0/0x’. Therefore ¢ is a version of

T Ja&) e+ [ g0 e ¢/
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So it follows from Proposition 8.2 and Corollary 8.3 that ¢ - X is a version
of

S [ax)ax'+ 1Y [ 00,00 dLx, X7]

H

which is a version of | a{dX ). Q.ED.

The next proposition is a special case of [RW, Theorem 104, p. 126]
(see also [IW, Theorem 3.1, p.1787]) when @ is the standard Wiener
measure on W(RY).

PROPOSITION 8.3. Keep the same setup as in Proposition 8.2 with V =R"
for definiteness. Suppose that F: RN x R¥ - Hom(R", R¥) is a C*-function
and that g: W(RY) > W(RX) is a #2, |#(R") measurable function for
s€ [0, 1] which solves the Stratonovich differential equation

og=F(, q)0¢  with ¢(0)=gq,, (8.9)

where q, is a fixed point in R". Then §=q- X is an (2, {#,}, P)-semimar-
tingale solving the Stratonovich differential equation 5q= F(X, §) X with
qG(0)=gq,. (Again by Lemma 8.4 all processes are appropriately adapted for
the statement to make sense.)

Proof. First notice that for any RY-valued semimartingale (Y),
the Stratonovich differential equafion dg=F(Y, q)3Y is equivalent to
the 1td differential equation dg= F(Y, §)dY + G(Y, §){dY,dY ), where
G(Y, §){a, by =1(d/dt)|o [F(Y +ta, g+ tF(Y, §) a) b]. So by assumption
q: W(RY) > W(R*) satisfies

g=q,+ [ F& q) dE+ [ G(&, 9)<dE, e,

By Proposition 8.2 and Corollary 8.3, §= ¢ X is P-indistinguishable from
4.+ f (F(&, g)o X) dX+f (G(&, 9)° X)<dX, dX').

Since F(&, q)o X =F(X, q) and G(¢&, g} X =G(X, q), g satisfies

G=q,+ f F(X, ) dX + j G(X, §)<dX, dX> =q, + f F(X,§)6X. QED.

From now on let u denote the standard Wiener measure on W(R"), and
v denote the Wiener measure on W(M) such that v(W,(M))= 1. Now for
each se [0, 1], let b(s) (6,(s)) denote the coordinate function on W(R")
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(on W(M)) given by w— w(s) for we W(R") (we W(M)). With these
definitions, (W(R"), {s*, }, u) and (W(M), {5, },v) are filtered prob-
ability spaces which satlsfy the usual hypothesis and b is a Brownian
motion on the first and 6, is a Brownian motion on the second. It is well
known that #*, =#*, and #, =", but we won’t need this here. We
also define y = H(G,), v = 1(5)* 4 a probability measure on the “interpolat-
ing” path space W(O(M)). (See Theorem 3.3 for the definitions of 7 and H.)
Let u(s) denote the coordinate function #u(s)(w)=w(s) on W(O(M)).
Therefore (W(O(M)), {#!, },v) is also a filtered probability space on
which {i(5)ser0,17 15 @ semlmartingale because of the following lemma.

LEMMA 8.5. Let (2, {#}, P) be a filtered probability space satisfying
the usual hypothesis, and V be a finite dimensional manifold. Assume that
X,: Q — Vs a V-valued semimartingale on (2, {#,}, P). Let y= X, P be the
law of X on W(M) and & W(V)—V be the coordinate function
E(w)=w(s) for each s€[0,1]. Then {&{,} is a V-valued semimartingale
defined on (W(V), {#?,}, 7).

Proof. Let fbe a C*-function on M. We must show that f ¢ is a real
semimartingale on (W(V), {#7, },7). But this follows easily using the
“good integrator” definition [Pr, Definition, p.44] of a semimartingale
and fact that foX is a semimartingale. The key points to note are: (i)
(using the notation in [Pr, pp. 43—44]) for each simple {7, }-predictable
function H and ¢>0

Y. (H)| > &)= P(|1,. ,(H>X)| >¢),

and (ii) by Lemma 84, X: Q - W(V) is #,/#, measurable for each s the
process Ho X is {#,} predictable. The reader can now easily finish the
proof. Q.E.D.

Remark 8.3. One description of the measure v is the law ([no ()], 1)
of n(I(b)) with respect to u. Another description of v is the measure con-
centrated on W, (M) such that {G,(s)},c0, 7 I8 @ Markov process with
transition kernel given by the heat operator ¢’ Here 4 is the Laplacian
in Definition 3.7 which according to Proposition 8.1 is the same as the
Levi-Civita Laplacian because V is TSS in this section.

3 DerFINITION 8.2, Let I: W(R") > W(O(M)) be a fixed version of I(h),
I. W(O(M)) » W(R") be a fixed version of the stochastic integral

[ 9<om>,

and H: W(M) - W(O(M)) be a fixed version of H(a,). (See Theorem 3.3
for the definition of I and H, and Definition 2.1 for the definition of the

580/110/2-8
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canonical 1-form §.) Let Y=mnol where n: O(M)— M is the canonical
projection and let ¥=17-A.

Remark 8.4. Because of Lemma 8.4, for each se [0, 1], ['is #*, /#7,
measurable, [ is #7, /#"*, measurable, and A is #’, /#!, measurable.
Consequently for each se[0,1], ¥:W(R")—> W(M) is #* |#!,-
measurable and ¥: W(M) - W(R") is #, /#*, -measurable.

THEOREM 8.2. Let (2, {#,}, P) be a filtered probability space satisfying
the usual hypothesis.

(i) Suppose that {b(s). 2 > R"} is an F-semimartingale such that
b, P is equivalent to p, then I(b) and I b are P-indistinguishable.

(ii) Suppose that {o,(s). 2—> M} is an F-semimartingale such that
o, P is equivalent to v, then H(c,) is P-indistinguishable from H-c,,.

(iii) Suppose that {u(s): @ > O(M)} is an F-semimartingale such
that u, P is equivalent to y, then u is horizontal and I-u is P-indistin-
guishable from I~ '(u).

(iv) Yo W: W(R") > W(R") is p-indistinguishable from the identity
map (b) on W(R").

(v) Wo¥:W(M)— W(M) is v-indistinguishable from the identity
map (&,) on W(M).

Proof. (i) By Theorem 3.1 we may consider /(b) as the solution to a
Stratonovich differential equation having the form in Proposition 8.3 where
F depends only on ¢ and not £. So (i) follows from Proposition 8.3.

(ii) In the proof of Theorem 3.2 it was shown that H(s,) may be
considered as a solution to a Stratonovich differential equation having the
form in Proposition 8.3, see Eq. (3.6). So (ii) follows from Proposition 8.3,
and the pathwise uniqueness of solutions to (3.6). (To apply Proposi-
tion83let {=0,, g=u, and F(o,,u)=1(c,){ > u.)

(iii) Let a=w in Corollary 8.4, in which case we may take ¢ =0 as
a version of j w{ ). So by Corollary 8.4 (see the remark below), 0=¢o-u
is a version of j w{du, which shows that u is indeed horizontal. To ﬁPiSh
the proof of (iii), apply Corollary 8.4 again, now with a =8, and ¢ =1

Remark. Notice that M may be imbedded in R" for some N which
induces an imbedding of O(M) into RY x Hom(R", R") as in Lemma 2.2.
The form w may be extended to a form (@) on T(R"Y x Hom(R", R")). We
may now view u as an R" x Hom(R", R"¥)-valued process and by definition
[w{bu)y=[d{duy for any O(M)-valued semimartingalex. It should
now be clear to the reader that our first application of Corollary 8.4 in
(iii) above was valid. Similar comments are also needed for the second



QUASI-INVARIANCE 357

application of Corollary 8.4 above. Such comments in the future will be left
to the reader to fill in.

(iv) We will apply parts (i)-(iii) above with (Q, {£}, P)=(W(R"),
{#*4, }, p). By (i), I=1Ib is p-indistinguishable from I(b), so that ¥=moT
is p-indistinguishable from noI(h). By (i), Ho ¥ is p-indistinguishable
from HomoI(h) which by Theorem 3.3 is p-indistinguishable from I(b).
So [-H-¥ is p-indistinguishable from 7FoI() which by (iii) is
p-indistinguishable from 7~ 'oI(h). Because of Theorem 3.3, 7~ '<I(h) and
b are p-indistinguishable, and hence %o ¥ =[- H ¥ is p-indistinguishable
from b. This proves (iv) because 5: W(R") » W(R") is the identity map.

(v) The proof of (v) is similar to (iv), except one now appiies
(1)-(iii) with (@, {Z,}, P)=(W(M), {#, }, V). Q.ED.

We are now ready to discuss the existence of the flows on W(M) and
W(R") generated by (5.1) and (5.5), respectively. First some more notation.
Let w(z)={ O(¢t) db + | a(t) ds be the solution to (5.5) with w(0)=>5 given
in Theorem 6.1. (Here the underlying filtered probability space is
(W(R™), {#*,}, u) with reference Brownian motion {b(s)}.) So O(t) and
a(t) solve equations (6.5) and (6.6) with O(0) = ide O(n), and &(0) =0. We
can and do assume that g-a.s. the function (¢, s) = (w(2)(s), O(t)(s), a&(1)(s))
is C"°, see Proposition 6.3 and Lemma 4.5.

DerINITION 8.3. Using the above notation, to each teR and to each
C'-function A: [0, 1] — R” such that 4(0) = 0, define S*(¢): W(R") - W(R"),
O*t): W(R") > W(0O(n)), and o"(t): W(R") - W(R") by S"(t)=w(r),
O"(t)=O(t), and o*(¢t) = &(t).

Remark 8.5. Notice for each se[0,1] and te R that S*(¢) and a’(r)
are # ¥, /#(R") measurable, and that O"(¢) is #*, /#,(0(n)) measurable.
In fact, by Theorem 8.1, Remark 8.2, and Lemma 8.4 it follows that S*(r)
is also #* /#* measurable for each se[0,1], and in particular
S"(1)o S*(z) is still # ¥, /#*, measurable for all se [0, 1]. (Recall that in
this section V is always assumed to be TSS.)

The next theorem shows that S*(¢) is the “universal” solution to equa-
tion (5.5) when the initial Brownian semimartingale w, = f O,db+ j o, ds
has the property that O, is an orthogonal process and «, is a bounded
process.

THEOREM 8.3. Suppose that h:[0,1] - R" is a C'-function such that
h0)=0. Let (2, {#}, {b(s)}, P) be a filtered probability space satisfying
the usual conditions equipped with an R"-valued Brownian motion b(s).
Assume (as in Theorem 8.1) that wo=§00 db+_[oz,, ds is an R"-valued
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Brownian semimartingale such that O, is an O(n)-valued process and
le,lso <00, Let w:R—>F*R" be the solution to (5.5) given in
Theorem 6.1. Then w(t) is P-indistinguishable from S"(t)ow,.

Proof. First notice by Lemma 8.2 that w(¢), P and S*(r), u are equiv-
alent to u for each 7. By Lemma 8.4, w,: Q » W(R") is #,/# * -measurable
for all se [0, 1] and therefore so is S$*(t)ow,. By Proposition 8.3, S*(t)ow,
is P-indistinguishable from

j O"(t)ow, dw,+ f ak(tyow, ds

=j O(t)ow, -0, db+j [OH(1)ow, - oy + o"(r) o w,] ds.

So

S(t)ow, =j O(t) db + j a(f)ds  P-as.,

where O(t)=0"*t)ow,-0,, and af{t)=O0"(t)ow, a,+ a"(t)ow,. Because
0"0)=ide O(n), and a*(0)=0eR”, it follows that O(0)=0, and
2(0)=a,. So in order to show w(¢)= S*(f)ow,, it suffices to show by the
uniqueness assertion in Theorem 6.1 that O(¢) and «(f) are S?(P)-
continuously differentiable (for pe [2; c0}) solutions of (6.5) and (6.6).

I assert that ¢ — O*(¢t)ow,, and t —» a”(t) o w, are SP(P)-continuously dif-
ferentiable for all p>2 with derivatives given by O"(¢t)ow,, and a"(t)ow,.
It is then clear that O(¢) and «(¢) are also S”(P)-continuously differentiable
with

o(t)=0"t)ow, -0, (8.10)
and

a(t)= OMt)ow,-a, +d"(t)ow,. (8.11)

The first assertion is an easy consequence of the following claim and the
fact that t— O%(t) and t— «”(t) are S?(u) continuously differentiable
functions for all p>2.

Claim. If X: W(R")—> W(R") is a #%/#(R")-measurable process
and pe[2, o), then for each re(p, ov), there is a constant C= C(r, p)
independent of X such that

||X°Wo I srpy S C Xy ST(u)*
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To prove the claim, let p=d(w,.P)/dy which exists by Girsanov’s
Theorem (Lemma8.2). Then compute || Xow,| s p using Holder’s
inequality,

[Xow, ”SP(P) = ”X”sp(wo-m =[|X] SP(pp)

= “X*Pl/p”u’(y) < “pl/p ll L7(1) X1 57(s)>

where 1/r'=1/p—1/r. Set C=|p"?| .-, which is finite by Corollary 8.1.
This proves the claim and the above assertions.

Set w(1)=S"(t)ow, = | O(t) db+ | «(t) ds. The proof will be complete if
we can show O(1)= C(W(¢)) O(t) and a(t) = C(Ww(t)) a(t) + R(W(¢)). To this
end we first define two functions C: W(R”") - W(so(n)) and R: W(R")
which “implement” C and R. To motivate the definitions of these functions
let X={Odb+[ads be any R"-valued Brownian semimartingale such
that O is an orthogonal process and « is bounded. Then A(X) in (5.7) is
given by

A = [ Qo dXy +1 [ 810 <O, b, 0 ds

= [ @u Chy dXy + 4 [ By id, b, idy s,

where id is the nxn identity matrix as follows, see Eq.(6.9), and
Remark 6.2. (See Definition 6.2 for the definition of £.) Therefore, using
Lemma 8.2 and Theorem 8.2(ii),

C(X)=A(X)+ T(X) = A(X) + O <h, - )
is given by

CX)= [ @1, Chy dX + [ Q) Cid, h id) ds + O, Ch, -,
With this as motivation define C as a fixed version of
fg,-<h, d5>+§j§,—<id, h,id> ds+6;<h, > (8.12)

It then follows by Proposition 82 and Lemma82 that CoX is
indistinguishable from C(X). Similarly, if we define (sece (6.7) and
Remark 6.2) R: W(R") - W(R") by

R=1{Ric;<(h,id,id) + O;{id, h,id>} + i’
=1{Ric;<h) +O;(id, hid D>} + I, (8.13)
then by Theorem 8.2(ii) and Lemma 8.2, R- X = R(X).
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The rest of the proof is now a simple verification. By definition, we know
that O*(¢t) = C- §*(t) O"*(z) and hence

O"t)ow,=CoS"1)ow,-0"t)ow,=Cew(t)-O"(t)ow,. (8.14)
From (8.14) and (8.10) we find
O(t)=Cow(t)-O(1t)= C(w) O(t),

as desired. Similarly by definition, a”(z)= CoS"(t)-a”(¢) + R S*(¢), and
hence

ah(t)ow, = Co(t)-ah()o w(t) + Row(t). (8.15)

By insertion of (8.14) and (8.15) into (8.11) and using the definition of a(z)
it follows that

a(t) = Cow(t)-a(t)+ Row(t)= C(w(2))-a(t) + R(W(¢)). Q.ED.

We can now easily prove our first version of the Cameron—Martin type
theorem. Because, as will be shown, S*(¢) is a flow on W(R") it is possible
to get a rather explicit Cameron—Martin type formula for the Radon-
Nikodym derivatives d(S”(¢), u)/du. Recall again that V is assumed to be
TSS in this section.

THEOREM 8.4. Suppose that h:[0,1]— R" is a C'-function such that
h(0)=0, and S*, o”, and O"* are as in Definition 8.3. Then S* is a flow on
W(R") which leaves the Wiener measure (u) quasi-invariant. More explicitly,

(i) for all t, teR, S"(t+1)=S8"(t)- S"(1) p-as., and
(i) d(S"(t), p)/du=Z(h, t), where

Z(h, 1) =exp { —r o(—1)-0"(—1) db_—%r la(— £)(s)|? ds}. (8.16)

Proof. (i) Because of Theorem 8.1, we may apply Theorem 8.3
with (2, {#}, P) = (W(R"), {#*_},p) and w, = S*z) to learn
w,=S"(t)oS*(t) solves (5.5) with w(0)=S"(t). But the function
w(t)= S"(t+ 1) also solves (5.5) with the same initial condition (S”(t)),
and hence by the uniqueness assertion of Theorem 6.1, Ww(r)=w(t), ie.,
S*(t+ 1) = S*(1) o S*(x).

(ii)) From Eq. (8.3) of Lemma 8.2 with P=p, b=>5, and w=S"(¢) it
follows that

u(f)=u(f(6)) = w(Z(h, —1) f(5"(1))) (8.17)
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for all bounded measurable functions f: W(R")— R. Replace f by
fo8"(—t) and then ¢ by —¢ in (8.17) to find that

H(S™())) = w(Z(h, 1) f), (8.18)
where part (i) was used to conclude that fo S"(¢)o S*(—t)= f p-a.s. Equa-
tion (8.18) implies that d(S*(¢), u)/du = Z(h, 1). Q.E.D.

I will leave it as an exercise to the reader to verify that in the
case M =R"” with the usual covariant derivative that (8.16) reproduces
(1.2). One word of caution: du(w+h)/du(w) in (1.2) is equal to
d(S (1), p(w))/du(w) not d(S"(1), p(w))/du(w).

Remark 8.6. At this point the 7 in all of the above notation is
unnecessary. The reader can easily verify that S*(¢) and S”(¢7) both satisfy
(5.5) with h replaced by th. Therefore, S™(1) is p-indistinguishable from
S*(1). For this reason, we introduce the following notation.

Notation 82. Let S(h)=S"(1): W(R") —» W(R"), O(h)= 0"(1): W(R")—
W(O(n)), a(h)=a"(1): W(R") » W(R"), and Z(h) = Z(h, 1): W(R") > (0, o).

We end this section by transferring Theorem 8.4 from W(R") to W(M).

THEOREM 8.5. Recall that &,(s): W(M)—> M was defined by
G,(s)(w)=(s) and {G,(s)} is an M-valued Brownian motion on the prob-
ability space (W(M), {#, },v). Let {b(s)=¥-6,(5)=¥,},cr0,1 be the
fixed reference R"-valued Brownian motion on this probability space, and
he CY[0, 1], R") be a given function such that h(0)= 0. Also let 6(t) denote
the solution to (5.1), (d/dt) 6(t)= H(a(t))h) with 6(0) =6, whose existence
is guaranteed by Corollary 6.3 with (2, {Z,}, Py=(W(M), {#", },v) and
6,=d,. Then

(i) &(t)=YoS"(t)o ¥ are v-indistinguishable,
(i) 6&(2) is a flow on W(M) which leaves v quasi-invariant, and
(iii)  d(a(t),v)/dv=Z(th)- '

Proof. Let o(t)=Y¥o5"(), and notice that a(r) is a {b(s)},e0, 17—
Brownian semimartingale defined on (W(R"), {s#%, }, u). Recall that
b(s)(w) = w(s) for e W(R"), or as a function from W(R") to W(R"), b is
the identity map. By Theorem 8.2, o(¢) is indistinguishable from 7 o I(S"(1)),
and so by Theorem 5.2, o(7) solves the geometric flow equation (5.1),

é(t)=H(a(t))-h=Hoa(t) -h. (8.19)

The derivative is taken in the B”(u)-topologies, where the u signifies that
the reference probability space and Brownian motion is (W(R"), .{‘}? Lh
{b(s)}, p). Now right compose both sides of equation (8.19) with ¥ to find

(1)o@ =Hoa(1)o ¥ h. (8.20)
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Set G(t)=0(t)o W= ¥oS"(r)- ¥, then because of Lemma 8.6 below () is
a (W(M), {#, }, {b(s)}, v) Brownian semimartingale for each ¢ which is
B?(v)-continuously differentiable for all pe [2, o0 ). Furthermore, the B?(v)
derivative of &(¢) is given by (d/dt) G(1)=d(1)o . Combining these last
remarks with (8.20) shows that &(¢) solves the same geometric flow
equation as 6(1):

d. o
Ea(t)-—Hoa(t)~h.

Because 6(0)= ¥oS5*(0)o ¥=¥o¥ which is indistinguishable from &,
it follows by the uniqueness assertion of Corollary 6.3 that &(¢) and
6(t) = ¥o S*(t)o ¥ are indistinguishable.

Parts (ii) and (iii) of the theorem are a trivial consequence of
Theorems 8.2 and 8.4 and part (i) just proved. Q.E.D.

LEMMA 8.6. Keep the same notation as in Theorem 8.5. Let X = [Adb+
[ods be a (W(R™), {#*, }, {b(s)}, u)-Brownian semimartingale, then

qu”lszov‘fdb+faov‘fds (821)

and hence X o ¥ is a (W(M), {#,}, {b(s)}, v)-Brownian semimartingale.
Furthermore, || X o ¥\ goyy = 1 Xl goys)-

) Pfoof‘ Equation (8.21) follows from Proposition 8.2 and the fact that
bo¥=¥=¥.5,=>h. To see this last statement just compute

1 X o P gewy = 140 Pllsoy + ot Pllisopy = ”A”sp(xfl,v) + llotll soc, v)
= “A“SP(u) + ”““sp(u) = NX”BP(up
where we have used Theorem 3.4 to conclude that &f’* V=L Q.E.D.

Remark 8.7. One might think that the notion of solution to Egs. (5.1)
or (5.5) depends on the particular choice of a reference Brownian motion.
However, this does not seem to be the case in the above path space setting.
The reason is that every R"-valued Brownian motion (B) on (W{(R"),
{#*, }, u) necessarily has the form B= [ O db, where O is an O(n)-valued
predictable process, see, for example, [Pr, Theorem 42, p.155]. Also
because ¥: (W(R"), {#* }, u) - (W(M), {#’, },v) is a measure
theoretic isomorphism, it follows that any (W(M), {5£", }, v)-Brownian
motion (B) must be of the form B = { O db where O is an # " -predictable
O(n)-valued process. In particular, this shows, for the path spaces W(M)
and W(R"), that the BP-norms are independent of the choice of reference
Brownian motion.
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9. INTEGRATION BY PARTS

In this section we are primarily interested in the filtered ptobability space
(W(M), {#", },v). To simplify notation let # =", and let b be the
R”-valued Brownian motion on (W(M), {Z}, v) given by b=¥=¥s5,.
Again; as in Section 8, the covariant derivative V on TM is assumed to be
torsion skew symmetric (TSS), so that all the results of Section § are valid.

The purpose of this section is to use the results of Section 8 to derive an
integration by parts formula for the “H-derivative.” For the prototype of
this sort of result see Cameron [Cal. It was L. Gross who first emphasized
the importance of and systematically studied the pointwise H-derivative in
the abstract Wiener space setting. A history of the H-derivative may be
found in Gross’ paper [Gr3]. Before introducing the H-derivative
appropriate to our context, we introduce the reproducing kernel Hilbert
space H.

Notation 9.1. Let H denote the Hilbert space of functions
h:[0,1] - R" such that h is absolutely continuous, Ah(0)=0, and
fo IR (s)]* ds < o0.

In this section we fill fix a function H: W(M) — W(O(M)) as in Defini-
tion 8.2 for which H(X)= Ho X for all M-valued semimartingales X with
law(X) equivalent to v. This should help avoid any possible confusion
between the horizontal lift operator H and the Hilbert space H.

DErFINITION 9.1. Let D denote the set of C’-cylinder functions on
W(M). That is, fe D iff there is a positive integer k, a C>-function
F:M*—> R, and points s;,5,,..,5 in [0,1] such that f(w)=
Flw(s)), o(s,), .., o(s;)) for we W(M). For any he H, the h derivative
(0,f) of fe D is defined v-a.s. to be

Wf@)= Y filo)XH(o)s) his)), (9.1)

where fi(0){(v) = v(Flo(s{), ®(82), o O(8;_1), +, O(S;4 1) .y @(s,)) for
ve T )M and we W(M). So f; is the differential of F with respect to the
ith variable evaluated at (w(s,), w(s;), .., @(s,)). (It will be shown in the
course of the proof of Theorem 9.1 below that J,f is well defined v-as.,
independent of the way f is represented.)

THEOREM 9.1. Let (-, -) denote the L*(W(M), %, v) inner product. For
he H define

z(h)sjo1 [(Ricg<hd> +Ogz{h>)2+H'] db, (9.2)
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where Ricz<h> = Ricg{l,hI> = 3,Qa<{he> e, and Ozlh) =
OplLLh, I>=3,0%e;, h,e;>. See Definition 6.2 for more on this notation.
Then with respect to this inner product, 0F is a densely defined operator, the
domain D(0}) contains D, and for fe D

=—0,/+z(h)f. (9.3)

Furthermore for each he H and pe [ 1, ) there is a constant c, such that

1 1/2
(W) <, | [ 07 ds | 94)
This theorem immediately implies the following corollary.

COROLLARY 9.1. For each he H, the densely defined operator 3, on
L*(W(M), dv) is closable.

Proof of Theorem9.1. The estimate in (9.4) is easily proved by
Burkholder’s inequality, the existence of a constant C bounding @, and
Ric, independent of ueO(M) (by compactness), and the Sobolev

inequality
1/2
hs)| < U Ih(s')]? ds] . (S)

So it only remains to prove (9.3).

For the moment assume that he Hn C', and let &(t) be as in the
statement of Theorem 8.5. So &(¢) is a version of ¥o S”(1)o % which is C*°
v-a.s. and satisfies

d _
E&(t)=H06(t)-h with (0)=g3,,

where the derivative is relative to the B?(v)-norms. To simplify notation,
we now drop the bars and write o(¢) for &(¢). (Recall that o,=4, is the
process on W(M), such that as a function from W(M) to W(M) o, is the
identity map.) Suppose fe D (D as in Definition 9.1), then trivially d,f=
(d/dt)|o f(a(2)) v-a.s., which incidentally shows that J,f is well defined inde-
pendent of the possible choices for k, sy, 55, ..., 5,€[0, 1], and F: M FLR
such that f(w)= F(w(s,), @(s;), .., ©(s;)). By Theorem 8.5,

v(foo(t)=v(f - Z(th)- ¥) (9.5)

holds for all z. In Lemma 9.1 below it is shown that (d/dt)|o f-o(t)=0,f1in
L?(v) for all pe[l, ). It follows from Lemma 8.6, Proposmon 8.2,
Theorem 8.2, and Lemma 9.2 below that (d/dt)|, Z(th)- o @ =z(h) in L?(v)
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for all pe[1, oo). Therefore, after differentiating (9.5) at t=0, one finds
that

v(0,f)=v(f -z(h)). (9.6)

Now replace f in (9.6) by f-g where g is also in D and use 6,(f-g)=
0,.f-g+f-0,g to find

(Bnf, 8)=(f, — 0,8 —Z(0) g)=(f, — 0,8 + z(h) g), (9.7)

which proves (9.3) for he Hn CL,

For general ke H, choose a sequence of functions 4, € Hn C* such that
fo |, —h'|*ds—>0 as n— oo, and hence by (S), |h—h,|,, —0 as n— co.
Now it is easy to show |8, f—0,f|l L»n, < C |h—h,|,, which tends to zero
as n — oo, where 0, f is given by (9.1). Since 0, f is well defined v-a.s. this
shows that ¢, f is also well defined v-a.s. By these comments and (9.4), one
easily verifies that (9.7) holds for all he H by replacing 4 in (9.7) by A, and
passing to the limit # — co. Q.ED.

Lemma 9.1. Let he HNC', o(t), and fe D be as above. Then for all
pell, ), k(t)=f-0a(t) is L?-differentiable at t =0 with k=0,f.

Proof. By the fundamental theorem of calculus (pointwise)
. | B R
[k(1) -k(0)]/t—k(0)=;£) [k(z) —k(0)] dr.

Taking the L? norms of both sides of this equations yields

. 1 rt . .
I [k(t)—k(O)]/t~k(0)||uSl;J0 [ [k(t)— k@) pdr|.  (98)
Now

» . k —
k(r) = k(0)= 3. [fi(a(1))CHa(t)(s) h(s))>

— {filo)XHea,(s;) hl(s:)> ],
from which it is easy to get the estimate
k(1) —k(0)| o <C|Hoo(t) = Hoa,| .+ Clo(t) = 0,l,  (99)

where C = C(F, h) depends on the sup-norm of F and its derivatives up to
order two and the sup-norm of h. Take L? norms of both sides of (9.9) to
get

lk(x) — k(O 5» < C'LIHo0(t) = Hoo, |l 5o+ llo(t) — 0, I s ]
<Gy llo(r) =0, s (9-10)
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where Lemmas 4.1 and 7.3 were used to get the last inequality. The con-
stant C, now depends on p. Now ¢ is B”-continuously differentiable and
hence Lipschitz. Therefore, combining (9.8), (9.10), and this last comment
shows there is a constant C}, such that

I Lk(2) = k(0) 1/t — k(O] . < C, 1],

This shows k is B?-differentiable at :=0. This proves the lemma, since in
the proof of Theorem 9.1 it has aiready been noted that the pointwise
derivative of k at t=01s J,f. QED.

LEMMA 9.2. The function Z(th) is L?(u) differentiable for all pe[1, «)
and

Y24 R -db=z{h).

&.|Q~

l VAL ‘E [Ric;{h)y+G;{h>

Proof To simplify notation let O(¢) = O*(t), and a(t) = a”(¢), where 0"
and o" are given in Definition 8.3. Set D(f)(s)= — |} a(r)- O(s) db—
(1/2) {5 le(e)(s")|* ds” so that Z(th)=eP =M. Let Y(t)(s)=e", clearly
it suffices to prove that Y(¢) is S”(u) differentiable at +=0 and that

¥(0)(1) = —2(h).
Using Lemma 4.6 and the regularity properties of O and a (see

Corollary 6.1 f‘r\rr\"oru 5. " nd Drr\nr\ouhr\n 62 it ig eacily ceen that
NL U ’ AL VL “llu s l} SALLAVLL V. J” it 19 vua‘l] J\‘\lll Liian

R is a C’-functlon and that D(r) is B?(u)-Lipschitz for all
o). By Lemma 4.5 we may and do assume that a version of D has
, PR T YA Pl W U & POy Y

such that (¢, s5) = D(¢)(s) is C"°. Hence, pointwise 1u;\o)—

Y(1)(s) D(¢)(s), where u-a.s.

s ,J 1 »s A
D(1)(s) = —J — 0" a(t)]-db—5 | —|a()(s)*ds".  (9.11)
2Jo dt
By the same techniques used in the proof of Lemma 9.1 one has

3
[
3
|
4>

ng
as

1Y(z) = Y(O)lls» < (¥ (z) — 1) D7)l 5o + |1 D() — D(O) || 5
<Y (x) = Dl so 1D()ll s + 1D(x) — DO) || 57,
< CI(Y(t) = Dl sy 1D(2)l 5o + C I1D(x) — D(O)]l g0
<CLIY()=Dllge+ 121, (9.13)
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where the constant C may increase from line to line, and 1/p=1/q+1/q".
The fact that D is B”(u)-Lipschitz was used to get the last inequality. Using
the fundamental theorem of calculus, Holder’s inequality, and Burkholder’s
inequality one finds that

1Y) = Dllse < l J, 1P DG 5 e

<c, JO 1Y) s 1 D)) 5 d’ (9.14)

where 1/g=1/r+ 1/r'. By Remark 8.1 and a standard martingale inequality
(see Theorem 6.10, pp. 33-34, of [IW]) there exists a constant C such that
1 Y(z')|| s < C for v’ € J. Because D(') is B” continuous there is a constant
C such that || D(t')|| g~ < C for v’ eJ. These last two comments combined
with (9.14) imply the existence of a constant C such that |(¥(z) — 1) & <
C |t]. Combining this estimate with (9.12) and (9.13) shows there is a
constant C such that

I LY(1) = Y(0)1/t = ¥(O)ls» < C Itl,
which shows that Y is B”-differentiable at r = 0. We also know that Y(0) =
e?@D(0) = D(0) because D(0) =0, since «(0)=0. From (9.11), using (6.6),

(6.7), and the initial conditions «(0)=0, and O(0)=id e O(n), it follows
that

¥(0)(1) = DO)(1) = —j 4(0) - db_—j R(b) d

= _Ll [(Ric/<hY + 6<hY)2+ ] db=: —z(h). QED.

To conclude this section it will be shown that the “infinitesimal” density
z(h) is “highly” integrable. To simplify notation, for each he H set
2l = (fo [A'(s)I? ds)V2,

PROPOSITION 9.1. There exists constants 6 >0, and K> 1 such that for
each he H, v(exp(3[z(h)/ |k 1*)) < K, where z(h) is defined in (9.2).

Proof. Let N be the martingale N(s)= [ [(Ricg <h) + Oz<(h>)2+ 1]
-db. 1t is easy to see that there is a constant C > 0 such that [N, N](1) <
C ||h||*. Now apply Lemma 9.3 below with § =¢/C. Q.E.D.

LEMMA 9.3. There exists constants ¢>0, and K> 1, such that for each

continuous local martingale N (on some filtered probability space
(2, {#.}, P)) the following estimate holds:

P(exp(eNT/II TN, N1y || L=py) < K. (9.15)
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Proof. 1t is clear that if C=| [N, N],ll «p =00 then (9.15) holds
since K>1 by assumption. So we may assume that C<co. By the
Dambis, Dubins—Schwarz Theorem (see [RY, Theorem 1.7, p. 171, or
RW, Chap IV, Sect.34]), on a poss1bly “enriched” probability _space
(Q {97 }, P) there is local martingale N and a Brownian motion B such
that the laws of N and N are the same, the laws of [N, N] and [N, N] are
the same, and N(s) = B([N, N](s)). Therefore,

P(exp(eN?2/C)) = P(exp(eN?/C)) = P(exp(eB([ N, N1(1)))*/C)
< P(exp(e(B)?*/C)), (9.16)

where B*=sup,_. |B,|. Now B(-) has the same law as C~"2B(C-), and
hence B% has the same law as C'2B¥. So (9.16) may be written as

P(exp(eN3/C)) < Plexp(e(BY)?)). (9.17)

But by Fernique’s Theorem (see [K3, pp. 159-160] or [IW, p. 4021) there
is a constant ¢ > 0, such that K = P(exp(e(B¥?)) < ov. (Notice that only the
law of B enters here so that ¢ and K are independent of the particular
realization of the continuous Brownian motion 3.) Q.E.D.

10. FINAL REMARKS

In this final section I will briefly discuss the two alternative methods
for “shifting” an M-valued semimartingale that were introduced after
Example 5.1. In each of these strategies the existence of the shifted process
is not at issue. However, in general, these alternative shifting strategies
will not have the desirable quasi-invariance properties. Since the results
of this section are negative in nature, I will only sketch the arguments
involved. For the rest of this section it will always be assumed that the
covariant derivative (V) is torsion skew symmetric (TSS).

Let A:[0,1] > R" be a C!-function such that 4(0)=0 and let o, be an
M-valued semimartingale starting at o. As described after Example 5.1, one
might try to define a(¢) by o(t)(s) =exp(tH(o,)(s) h(s)), where exp is the
geodesic flow with respect to the covariant derivative V. Notice that o(¢) is
a semimartingale if o, is a semimartingale because of It6’s lemma. Let
T(o,)=0(t)=exp(tH(c,)h), so that T, transforms semimartingales on M
to semimartingales on M. In general 7, is not a flow—ie., T, o T . # T, ..

Remark 10.1 For the Riemannian manifolds in Example 5.1, T, is
actually a flow. The reason is because in each of these examples the
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curvature is zero so that the map T, is the flow generated by (5.1)—see
Remark 10.2. However, as soon as V has curvature, the map T, will no
longer in general be a flow. This happens even on a non-commutative
compact Lie group with the Levi-Civita connection, which is the average
of the left and right connections.

The other main flaw of the map 7, is that it does not have the quasi-
invariance property. I will now explain why this property fails when the
curvature is not zero. As has been done throughout this paper, we will pull
T, back to a mapping on R"-valued semimartingales where it is easier to
decide quasi-invariance questions. To this end set w(z)=1""c H(a(1)).

To simplify notation let wu(t)=H(o(¢)), u,=H(s,), and v(t)(s)=
e B (y (s5)), where B(h(s)) is the standard horizontal vector field in
Definition 2.2. Since 6 =nov=mou, it makes sense to define the O(n)-
valued semimartingale g(¢)(s) by g(2)(s)=u(t)(s) ' v(2)(s). So v(t)(s)=
u(t)(s) g(£)(s), which is just the decomposition of the non-horizontal O(M)-
valued semimartingale (v) into a horizontal piece (1) and a “vertical” piece
(g). It is convenient to define another R”-valued semimartingale by
x(2)(s) =jg‘9(5v(t)>. The two processes w and x are related by g, namely
w=[gdx. Now suppose that ¢, is a Brownian motion on M, so that
b=w(0)=x(0) is a Brownian motion in R”. Because ¢, is a Brownian
semimartingale it follows that u, v, w, and x are all Brownian semimar-
tingales.

We can now understand why, in the case of nonzero curvature, the laws
of w(r) and b are not in general equivalent. The idea is to use Lemma 8.1
along with the non-orthogonality (to be shown) of the process O(z), where
O(t) and «(r) are processes such that w(z)s_f 0(t)db+ja(t)ds. Because
the process g is orthogonal it will suffice to show that Q(t) =g~ () O(¢) is
not orthogonal. Since

x=jg*16w=jg"0db+fﬁds=fde+'[ﬁds

for some process f#, in order to find Q we need to find the differential (dx)
of x.
Start by computing dx,

dx=%9<5v> = d9<v, 6v) + 5(3¢5)
= 05,00 —w A 3B, 80D + 8(9<)
=045, 00> + w{dvd 3o > +dh
=0,{h, 6x> + w{dv) h+dh, (10.1)
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where we have used the first structure equation (@=d9+ow A 3),
w{(0>=0, and I{o>=h. Also compute (d/dt)w{dv)=dwlv,dv)+
Hwlv))=2,{h, éx) so that

w{v(1)) =j0 Q0 <h, 8x(1) . (10.2)

Writing x={Qdb+ [ Bds, and substituting this expression for x into
(10.1) using (10.2) one finds (by comparing the coefficients in front of db)
that Q satisfies

0() =, Q1) > + [ uoCh Q1) Y hde. (103)

Because x(0) = b, the initial condition for (10.3) is Q(0)=1d.

Remark 10.2. 1If the curvature of V is zero then u(¢z)=u(t), which
follows from the stochastic version of Eq. (2.5). In this case (10.3) is the
same as (6.5), and Q(z) will be orthogonal if V is TSS.

For simplicity assume that V is the Levi-Civita covariant derivative on
M so that © =0. If Q(¢) were orthogonal for all ¢, then £,,,{A, - > h would
necessarily have to be so(n) valued, since

d

Qoo <h > h=— . [2(1)~" Q(n)]. (10.4)

But it is not generally true that £,,,<h, - ) h is so(n)-valued, as can be seen
by taking M to be the standard n-sphere (S") with the Levi-Civita connec-
tion. For M=S5", Q,{a,b)> c=(a,c)b—(b,c)a for all a, b, ceR" and
ue O(M), and hence 2,,,{h, - > h is the non-skew symmetric linear trans-
formation on R”

c— (h, h)yc—(h, c)h.

Now let us consider the second alternative for o(¢) introduced after
Example 5.1. For this example let X:[0,1]xM — TM be a smooth
s-dependent vector field, such that X(0)(¢)=0,,—the zero vector in T,, M.
Define o(¢) using the flow of the vector field X(s) by a(¢)(s) = e*)(s ,(s)).
Since, o(¢)(s) is a smooth function of the semimartingale s — (s, 6,(s)), o(?)
is still a semimartingale. Similarly, if o, is a Brownian semimartingale then
so is a(¢). Let T, be defined by T,(c,)(s) =a(2)(s) = e (a,(s5)), then T, is
clearly a flow on the space of semimartingales. However, we shall indicate
that 7, has the quasi-invariance property iff each of the vector fields X(s)
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(for se [0, 1]) is a Killing vector field. In other words, for each se [0, 1]
the flow ¢’ should be a one parameter (¢) family of isometries on M.

To investigate the quasi-invariance, again set w(t)=1""o H(o(t)) and
u(t)= H(o(t)). Assume that ¢, is a Brownian motion’ on M so that
b=w(0) is a Brownian motion on M, then w(#) is a Brownian semimar-
tingale. Again let us compute dw(¢),

dW=% (9¢uy)=d9u, u) +8(9<u))

— O, dud —w A i, dud + 8(9<a))
= 0,(& owd—wlud Sw+ 8, (10.5)

where £(1, s) = 3a(t)(s)> =u"'(1)(s) X(s)(a(t, 5)). Since s—u(t)(s) is
horizontal one finds that

O&(t, s)=ult, s) "' [X'(s)(0(t, $)) + Viuir, 5 X(5)]
=u(t,s) " [X'(s)0(t, $)) + Vo 5 swinys X (8) 1. (10.6)

The interpretation of the last term in (10.6) requires some explanation.
What is needed is a definition for the stochastic covariant differential. Let
YeI'(TM) be a vector field. Define Y: O(M)— R” by Y(u)=u""Y(n(u)),
recall the correspondence Y — ¥, from I'(YM) to the smooth functions
Y: O(M)— R" such that Y(ug)=g 'Y(u) for ue O(M) and geO(n), is
a 1-1 correspondence. Then given an M-valued semimartingale o(s)
define 'V, Y=d¥Y{du), where u is a horizontal lift of ¢. In the case of
interest, d6 =u dw or equivalently du= B{Sw)(u). So set u~ 'V, Y=
dY{(B{dw>(u)>. I will leave it to the interested reader to verify using these
definitions the validity of (10.6).

Now insert (10.6) into (10.5) to find

(1) =0, <&(1, -), dw(t)) — wli(1) ) dw(z)
+u(t) LX) 0(0)) + Vi swin X ()], (10.7)

where X'(s)(m) = (d/ds) X(s)}(m).
Defining (O, a) by w(t)=j0(t)db+ja(t)ds, one finds from (10.7) by
considering the coefficients in front of the db terms that O satisfies

0=0,0->+A0+u"'V, X, (10.8)

where A= —wdu). Since @, (¢, -> and A are so(n)-valued processes, in
order for O(t) to be orthogonal for all 1+ we must require that the linear
transformation on R” given by

a— uu(s)—-l Vua(s)aX(s)

580/110/2-9
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is P-as. skew symmetric with the null set independent of s. Here
uo(s)=u(0)(s). The only likely way to satisfy this condition is to require for
each se[0, 1] and ue O(M) that the linear transformation

a—u1V,, X(s) (10.9)

be skew symmetric. This last condition is equivalent to requiring for each
meM and se[0,1] that the map (v -V, X(s)): T, M— T, M be skew
symmetric with respect to the metric g, ie, gV, X(s),v>=0 for all
se€[0,1] and ve TM. If V is the Levi-Civita connection, then it is well
known that this condition is equivalent to X being a Killing vector field.
The next lemma asserts this is still true provided that V is TSS.

LemMma 10.1.  Suppose that (M, g) is a Riemannian manifold with metric
g, and that V is a TSS g-compatible covariant derivative on TM. Let X be
a vector field on M, then the condition that g{V X,v>=0 for all ve TM is
equivalent to X being a Killing vector. Recall that X is a Killing vector field
iff Lyg=0, where Lyg denotes the Lie derivative of g with respect to X.

Proof. Let Y be an arbitrary vector field on M and compute

(Lxg)XY, Y)=X(g<Y, Y))—2¢{[X, Y], Y} =2e{V, Y- [X, Y] )
=28V X+ TKX, Y), V) =2g{V, X, Y,

where the last equality used torsion skew symmetric assumption on V.
Because g is symmetric and hence so is Lyg, this last equation shows
L,g=0iff g(V, X, ¥Y>=0. QED.

The condition that X(s) be a Killing vector field is very strong, and in
fact can imply that X(s) =0. For example, by Bochner’s Theorem (see [Bo,
Theorem 1] or [ W, Theorem 1]), if the Ricci curvature with respect to the
Levi-Civita connection is negative definite (or at least “quasi-negative”),
then g does not admit any non-trivial Killing vector fields. The absence of
non-trivial Killing vector fields is what one would expect for “generic”
metrics (g). The implication of these remarks is that in general the flow
T,(6,(s))=e*(a,(s)) can not be expected to have the quasi-invariance
property for any choice of an s-dependent vector field X.

It should be noted that Lie groups and more generally homogeneous
spaces do have metrics which admit non-trivial Killing vector fields. For
example, if M =G is a Lie group with the metric and connection given as
in Example 8.1(b), then the s-dependent vector fields X(s)(g)= L,.h(s),
where h: [0, 1] —> ¢ is any function, are all Killing vector fields. (Recall
from Example 5.1 that in the case of a Liec group with the left (flat)
covariant derivative, all three possible shifting methods agree.) More
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generally, suppose that M = G/H is a homogeneous space with the metric
and connection defined as in Example 8.1(d). It has already been shown in
Example 8.1(d) that this connection is torsion skew symmetric (TSS).
Given a function h: [0, 1] — 4, define the s-dependent vector field (X) by
X(s)(m) = (d/dt)|, p(e"'g), where me M and g is any element in p ~'({m})
and p: G » M is the canonical projection. So X{s) is the generator of the
I-parameter flow given by the left action of e™* on M. Now by definition
of the metric on M, each element of G acts isometrically on M, from which
it follows that X(s} is a Killing vector field. Therefore, in this case the shift
e g (s))=e™) . g (s) does have the quasi-invariance property provided
that 2(0)=0 and 4’ is L? integrable. »

The two examples in the last paragraph were studied in [MMI1, Shi,
Sh27]. In [MM1] it is also shown that the above flows have the quasi-
invariance property with respect to any Brownian bridge measure on
W(M) provided, of course, that /4 also satisfies (1) =0, The reader should
also see [AH, Fr, Grd] on the question of quasi-invariance in the case of
compact Lie groups.

ACKNOWLEDGMENTS

It is a pleasure to acknowledge many useful conversations with T. Frankel, L. Gross, and
especially P. Fitzsimmons and Ruth Williams. I also thank T. Lohrenz for bringing to my
attention a number of P. Malliavin’s papers.

REFERENCES

[AM1] H. ARAuLT AND P, MALLIAVIN, Intégration géometrique sur l'espace de Wiener,
Bull. Sci. Math. (2) 112 (1988), 3-52.

[AM2] H. AIRAULT AND P. MALLIAVIN, Integration on loop group 111, heat equation for the
Wiener measure, J. Funct. Anal., in press.

[AV1] H. AIRAULT AND J. VAN BIESEN, Géometrie riemannienne en codimension finie sur
l'espace de Wiener, C. R. Acad. Sci. Paris 311 (1990), 125-130.

[AV2] H. ARAULT aND J. VAN BIESEN, Le processus d'Ornstein—Uhlenbeck sur une sous-
variété de I'espace de Wiener, Bull. Sci. Math. (2) 115 (1991), 185-210.

[AH] S. ALBEVERIO AND R. HOEGH-KROHN, The energy representation of Sobolev Lie
groups, Compositio Math. 36 (1978), 37-52.

[AM] L. AusLanper aND R. MacKENzig, “Introduction to Differentiable Manifolds,”
Dover, New York, 1977.

[Bil] J.-M. BisMuT, Mécanique Aléatoire, in “Lecture Notes in Mathematics,” Vol. 866
(A. Dold and B. Eckmann, Eds.), Springer, Berlin/Heidelberg/New York, 1981.

[Bi2]  J.-M. BismuT, “Large Deviations and the Malliavin Calculus,” Birkhiuser, Boston/
Basel/Stuttgart, 1984.

[Bo] S. BOCHNER, Vector fields and Ricci curvature, Bull. Amer. Math. Soc. 52 (1946),
776-797.

[Ca] R. H. CaMeroN, The first variation of an indefinite Wiener integral, Proc. Amer.
Math. Soc. 2 (1951), 914-924.



374

[CM1]
[CM2]
[CM3]
[Cr]
[D1]
[D2]

[D3]

[EE]

[Ell]
[EM]
[EL1]
[EL2]
[Fr]
[Ge]
[Gi]
[Gr1]
[Gr2]

[Gr3]

[Gr4]
[wj

(JL]

[KI1]
[K12]

[KI3]

BRUCE K. DRIVER

R. H. CaMERON AND W. T. MARTIN, Transformations of Wiener integrals under
translations, Ann. of Math. 45, No. 2 (1944), 386-386.

R. H. CaMerRON AND W. T. MARTIN, Transformations of Wiener integrals under a
general class of linear transformations, Trans. Amer. Math. Soc. 58 (1945), 184-219.
R. H. CAMERON AND W. T. MARTIN, The transformation of Wiener integrals by non-
linear transformations, Trans. Amer. Math. Soc. 66 (1949), 253-283.

A. B. Cruzero, Equations différentielles sur I'espace de Wiener et formules de
Cameron—Martin non linéaires, J. Funct. Anal. 54 (1983), 206-227.

B. DRrIVER, YM,: Continuum expectations, lattice convergence, and lassos, Comm.
Math. Phys. 123 (1989), 575-616.

B. Driver, Classifications of bundle connection pairs by parallel translation and
lassos, J. Funct. Anal. 83 (1989), 185-231.

B. Driver, A Cameron—Martin type quasi-invariance theorem for pinned Brownian
motion on a compact Riemannian manifold, March 1992 preprint, to appear in
Trans. Amer. Math. Soc.

EeLLs AND ELwWORTHY, Wiener integration on certain manifolds, in “Problems in
Non-Linear Analysis” (G. Prodi, Ed.), pp. 67-94, Internazionale Matematico Estivo,
IV Ciclo, Tome, Edizioni Cremonese, 1971.

ELLwORTHY, Stochastic differential equations on manifolds, in “London Mathemati-
cal Society Lecture Note Series,” Vol. 70, Cambridge Univ. Press, London, 1982.
M. EMERY, “Stochastic Calculus in Manifolds,” Springer, Berlin/Heidelberg/
New York, 1989.

ErPErsON AND LoHRENZ, Diffusions of finite-energy loop spaces, preprint, November
1990.

EPPERSON AND LOHRENZ, Brownian motion on the path space of a compact Lie
group, preprint, Rice University, June 1991.

I. B. FReENKEL, Orbital theory for affine Lie algebras, Invent. Math. 77 (1984),
301-352.

E. GETZLER, Dirichlet forms on loop space, Bull. Sci. Math. (2) 113 (1989), 151-174.
I. V. GrsaNov, On transforming a certain class of stochastic processes by
absolutely continuous substitution of measures, Theory Probab. Appl. 5 (1960),
285-301.

L. Gross, Integration and nonlinear transformations in Hilbert space, Trans. Amer.
Math. Soc. 94 (1960), 404-440.

L. Gross, Abstract Wiener spaces, in “Proceedings, Sth Berkeley Symposium Math.
Stat. Prob. 2, 1965,” pp. 31-42.

L. Gross, Logarithmic Sobolev inequalities for the heat kernel of a Lie group,
in “White Noise Analysis: Mathematics and Applications” (T. Hida et al., Eds.),
pp. 108-130, World Scientific, Singapore/Teaneck/New Jersey, 1990.

L. Gross, Logarithmic Sobolev inequalities on loop groups, J. Funct. Anal. 102
(1991), 268-313.

N. IKEDA AND S. WATANABE, “Stochastic Differential Equations and Diffusion
Processes,” North-Holland, Amsterdam/Oxford/New York, 1981.

J. D. S. Jones AND R. LEANDRE, L”-Chen forms on loop spaces, in “Stochastic
Analysis” (Barlow and Bingham, Eds.), pp. 103-162, Cambridge Univ. Press,
London/New York, 1991.

W. KLINGENBERG, “Lecture on Closed Geodesics,” Springer, Berlin/Heidelberg/
New York, 1978.

W. KLINGENBERG, Closed geodesics on Riemannian manifolds, in “Regional Con-
ference Series in Mathematics,” Vol. 53, Amer. Math. Soc., Providence, RI, 1982.
W. KLINGENBERG, “Riemannian Geometry,” de Gruyter, Berlin/New York, 1982.



[KN]
[K1]
k2]
[K3]

[Kul]

[(Ku2]

[Ku3]
[Kud]

[L]
[Le]

[M1]
[(M2]
[(M3]

[MM1]

[MM2]

[MM3]

[MM4]

[Mar]

[Me]

[MS]
[No]

[PS]

580/110/2-10

QUASI-INVARIANCE 375

KoBayasti aND Nomizu, “Foundations of Differential Geometry,” Vol. 1, Wiley—
Interscience, New York/London, 1963.

H.-H. Kuvo, Integration theory on infinite-dimensional manifolds, Trans. Amer.
Math. Soc. 159 (1971), 57-78.

H.-H. Kvo, Diffusion and Brownian motion on infinite dimensional manifolds,
Trans. Amer. Math. Soc. 169 (1972), 439—451.

H.-H. Kuo, Gaussian measures in Banach spaces, in “Lecture Notes in Mathe-
matics,” Vol. 463, Springer-Verlag, New York/Berlin, 1975.

S. Kusuoka, The nonlinear transformation of Gaussian measure on Banach space
and its absolute continuity, I, J. Fac. Sci. Univ. Tokyo, Sect. 14 Math. 29 (1982),
567-597.

S. Kusuoka, On the foundations of Wiener—Riemannian manifolds, in “Stochastic
Analysis, Path Integration and Dynamics: Emanations from Summer Stochastics,
Warwick, 1987” (K. D. Elworthy and J.-C. Zambrini, Eds.), Wiley, pp. 130-165,
New York, 1989.

S. Kusuoka, “Analysis on Wiener Spaces. I. Nonlinear Maps,” R.LM.S. Rep.
No. 670, October 1989.

S. Kusuoka, “Analysis on Wiener Spaces. II. Differential Forms,” RI.M.S. Rep.
No. 705, July 1990.

S. LaNG, “Differential Manifolds,” Addison—Wesley, Reading, MA, 1972.

R. LEANDRE, Integration by parts formulas and rotationally invariant Sobolev
calculus on free loop spaces, Strasbourg Preprint May 1992.

P. MaLLiaviN, Naturality of quasi-invariance of some measures, in “Proceedings,
Lisbonne Conference” (A. B. Cruzerio, Ed.) Birkhiuser, Basel, 1991.

P. Maruiavin, Hypoellipticity in infinite dimension, in “Diffusion Process and
Related Problems in Analysis” (M. A. Pinsky, Ed.), Vol. I, Birkhduser, Basel, 1991.
P. MaLuLiaviN, Diffusion on the loops, in “Proceedings, Conference in the Honour
of Antoni Zygmund, Chicago, 1981-1983” (W. Beckner and A. Calderon, Eds.).
M.-P. MaLLIAVIN AND M. MaLLIAVIN, Integration on loop groups. L Quasi
invariant measures, quasi invariant integration on loop groups, J. Funct. Anal. 93
(1990), 207-237.

M.-P. MALLIAVIN AND M. MALLIAVIN, Integration on loop group II, asymptotic
Peter-Weyl orthogonality, preprint, 1991.

M.-P. MALLIAVIN AND M. MaALLIAVIN, La représentation réguliére des groupes de
lacets, in “Proceedings, la conférence du Trientenaire, 1990,” Hamburg Mathematic
Seminar, Third centenary anniversary of Hamburg University, in press.

M.-P. MALLIAVIN AND M. MALLIAVIN, An infinitesimaly quasi invariant measure on
the group of diffeomorphisms of the circle, in “Proceedings, Hashibara Forum, Lect.
Notes, August 1991” (Kashiwara and Miwa, Eds.).

G. MARrRuYama, Notes on Wiener integrals, Kodai Math. Seminar Rep. 3 (1950),
41-44.

P. A. MEYER, A differential geometric formalism for the It6 calculus, in “Stochastic
Integrals, Proceedings of the LMS Durham Symposium” (D. Williams, Ed.),
pp. 256-269, Lectures Notes in Math.,, Vol. 851, Springer, Berlin/Heidelberg/
New York, 1980.

J. W. MILNOR AND J. D. STASHEFF, “Characteristic Classes,” Princeton Univ. Press,
Princeton, NJ, 1974,

J. R. Noris, A complete differential formalism for stochastic calculus in manifolds,
preprint, University of Cambridge, 1991.

A. PreEssLey AND G. SeGaL, “Loop Groups,” Oxford Univ. Press, Oxford/
New York/Toronto, 1986.



376

[Pr]
[Ra]
[RY]
[RW]
[Ru]
[Scl]

[Sc2]

[Sc3]

[Sh1]

[Sh2]
[Sr]

[St1]

[St2]

(w]

BRUCE K. DRIVER

P. PROTTER, “Stochastic Integration and Differential Equations; A New Approach,”
Springer, Berlin/Heidelberg/New York, 1990.

R. RAMER, On nonlinear transformations of Gaussian measures, J. Funct. Anal. 15
(1974), 166-187.

Revuz aNp YOR, “Continuous Martingales and Brownian Motion,” Springer,
Berlin/Heidelberg/New York, 1991.

L. C. G. RoGgers aND D. WiLLiams, “Diffusions, Markov processes, and
Martingales. Vol. 2. It6 Calculus,” Wiley, Chichester/New York, 1987.

W. RupIN, “Real and Complex Analysis,” 2nd ed., McGraw-Hill, New York, 1976.
L. SCHWARTZ, Semi-martingales sur des variétés et martingales conformes sur des
variétés analytiques complexes, in “Lecture Notes in Mathematics,” Vol. 780,
Springer, New York/Berlin, 1980.

L. ScHwaARTZ, Géométrie différentielle du 2° order, semimartingales et équations dif-
férentielles stochastiques sur une variété differentielle, in “Seminaire de Probabilities
XVL” Lecture Notes in Mathematics, Vol. 921, Springer, New York/Berlin, 1982.
L. ScHwARTZ, “Semimartingales and Their Stochastic Calculus on Manifolds,”
Presses de 1'Université de Montréal, 1984.

ICHIRO SHIGEKAWA, Transformations of the Brownian motion on the Lie group, in
“Stochastic Analysis: Proceedings of the Taniguchi International Symposium on
Stochastic Analysis” (Katata and Kyoto, 1982, K. 1td, Ed., Japan), North-Holland,
pp. 409422, Amsterdam/New York, 1984.

ICHIRO SHIGEKAWA, Transformations of the Brownian motion on the Riemannian
symmetric space, Z. Wahr. verw. Geb. 65 (1984), 493-522.

M. Spivak, “A Comprehensive Introduction to Differential Geometry,” 2nd ed.,
Vol. 1, Publish of Perish, Wilmington, DE, 1979.

D. W. STROOCK, “Lectures on Topics in Stochastic Differential Equations” (lectures
given at Tata Institute of Fundamental Research, Bombay, 1982), Springer,
Berlin/Heidelberg/New York, 1982.

D. W. STROOCK, “Lectures on Stochastic Analysis: Diffusion Theory,” Cambridge
Univ. Press, Cambridge/London/New York, 1987.

H.-H. Wy, The Bochner technique in differential geometry, in “Mathematical
Reports” (J. Dieudonne, Ed.), Harwood Academic Publishers, Chur/London/
Paris/New York/Melbourne, 1988.



