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KAM THEORY FOR CONFORMALLY SYMPLECTIC SYSTEMS

RENATO C. CALLEJA, ALESSANDRA CELLETTI, AND RAFAEL DE LA LLAVE

ABSTRACT. We present a KAM theory for some dissipative systems (geomet-
rically, these are conformally symplectic systems, i.e. systems that transform
a symplectic form into a multiple of itself). For systems with n degrees of free-
dom depending on n parameters we show that it is possible to find solutions
with n-dimensional (Diophantine) frequencies by adjusting the parameters.

We do not assume that the system is close to integrable, but we use an
a-posteriori format. Our unknowns are a parameterization of the solution
and a parameter. We show that if there is a sufficiently approximate solution
of the invariance equation, which also satisfies some explicit non—degeneracy
conditions, then there is a true solution nearby. We present results both in
Sobolev norms and in analytic norms.

The a—posteriori format has several consequences: A) smooth dependence on
the parameters, including the singular limit of zero dissipation; B) estimates on
the measure of parameters covered by quasi—periodic solutions; C) convergence
of perturbative expansions in analytic systems; D) bootstrap of regularity (i.e.,
that all tori which are smooth enough are analytic if the map is analytic);
E) a numerically efficient criterion for the break—down of the quasi—periodic
solutions.

The proof is based on an iterative quadratically convergent method and
on suitable estimates on the (analytical and Sobolev) norms of the approxi-
mate solution. The iterative step takes advantage of some geometric identities,
which give a very useful coordinate system in the neighborhood of invariant
(or approximately invariant) tori. This system of coordinates has several other
uses: A) it shows that for dissipative conformally symplectic systems the quasi—
periodic solutions are attractors, B) it leads to efficient algorithms, which have
been implemented elsewhere.

Details of the proof are given mainly for maps, but we also explain the slight
modifications needed for flows and we devote the appendix to present explicit
algorithms for flows.

(

CRM Preprint Series number 107

2010 Mathematics Subject Classification. 70K43, 7T0K20, 34D35.

Key words and phrases. Dissipative systems, KAM theory, conformal mappings, quasi—
periodic solutions.

R.C. was partially supported by the FQRNT through the PBEEE grant. A.C. was par-
tially supported by the grants ASI “Studi di Esplorazione del Sistema Solare” and PRIN
2007B3RBEY “Dynamical Systems and Applications” of MIUR. R.L. was partially supported
by NSF grant DMS-091389 and by NHRP 0223 and was a faculty member at U. Texas at Austin.
This work was started while the authors were visiting the Centre de Recerca Matematica during
the program “Stability and Instability in Mechanical Systems” at CRM.

1


https://core.ac.uk/display/189877974?utm_source=pdf&utm_medium=banner&utm_campaign=pdf-decoration-v1

CRM Preprint Series number 1076

1.
2.
2.1.
2.2.
3.
3.1.
3.2.
3.3.
3.4.
4.
4.1.
4.2.
5.
5.1.
6.
6.1.
6.2.

7.

7.1.
7.2.
7.3.
7.4.
7.5.

7.6.
8.
8.1.
8.2.
8.3.
8.4.
9.
9.1.
9.2.
10.

10.1.
10.2.
10.3.
10.4.

R. CALLEJA, A. CELLETTI, AND R. DE LA LLAVE

CONTENTS

Introduction
Geometric preliminaries
Conformally symplectic mappings
Conformally symplectic flows
Formulation of the invariance problem
Automatic reducibility
An adapted system of coordinates for solutions of (3.2)
Relation with the regularity theory of normally hyperbolic manifolds
Automatic reducibility for approximately invariant tori
Estimates on the solutions of the linearized equation
Several function spaces
Estimates on cohomology equations
Statement of the main results
Uniqueness results
Formulation of the iterative step in the proof of Theorem 20
The Newton’s equation
A method to find approximate solutions of the linearized equation
(6.2). A quasi-Newton method
Estimates for the iterative step
Approximate reducibility
Estimates for the increments in the step
Estimates for the convergence of the iterative step
Estimates for the error of the improved solution
An abstract implicit function theorem. Conclusion of the proof of
Theorem 20
End of the proof of the results of Theorem 20 for analytic regularity
Proof of Theorem 28 and Corollary 29
Some estimates
Interpolation and end of the proof of Theorem 28
The analytic case
Proof of Corollary 29
Further consequences of the a-posteriori formalism
Bootstrap of regularity
Criterion for the breakdown of analyticity
Perturbative expansions
Basic set up
Formal series solutions
Convergence of the perturbative series expansions
A fast algorithm for the computation of perturbative expansions.
An alternative proof of Theorem 59

co OO W

12
15
17
19
20
23
25
29
33
33

34
38
38
40
44
46

48
53
o7
99
29
99
60
60
61
63
64
64
66
68

70



‘,;

CRM Preprint Series number 1076

KAM THEORY FOR CONFORMALLY SYMPLECTIC SYSTEMS 3

Appendix A. A dissipative KAM scheme for flows 71
References 75

1. INTRODUCTION

Kolmogorov—Arnol’d—Moser (hereafter KAM) theory represented a break-
through in the theory of the stability of nearly—integrable systems ([42], [5],
[50]). Under very general assumptions, KAM theory yields the persistence of
quasi—periodic tori with Diophantine frequencies for the perturbed system, pro-
vided the perturbing parameter satisfies smallness conditions. In this paper we
prove a KAM theorem in a new geometric context, which have never been con-
sidered in the original formulation of KAM theory and neither in the successive
literature. In particular, we prove a KAM theorem for “conformally symplectic”
systems (maps and flows), namely systems which transport a symplectic form
into a multiple of itself. Conformally symplectic systems have several significant
applications in physical contexts, ranging from models of “Gaussian thermostats”
in non—equilibrium statistical mechanics ([67]) to models of spin-orbit interac-
tion in celestial mechanics ([17, 19]). In general, the interest in the study of
conformally symplectic systems is motivated by the fact that they appear in all
mechanical systems with friction proportional to the velocity; we also remark
that any two dimensional diffeomorphism or flow is conformally symplectic with
the symplectic form given by the area.

The analysis of the persistence of quasi—periodic solutions in Hamiltonian sys-
tems with dissipation has been performed in [9] (see also [10]), though they did
not consider the context of conformally symplectic systems; in [19] the existence
of quasi—periodic solutions has been proved in the specific case of the (quasi—
integrable) spin—orbit model. The KAM theorems presented in this paper are
based on an “a-posteriori” format: we formulate an invariance equation and we
show that if we can find a function that satisfies very approximately the invari-
ance equation, and which also satisfies some mild non—degeneracy conditions,
then there is a true solution close to our approximate guess. We stress that we
do not necessarily assume that the system is close to integrable; of course, when
the system is close enough to integrable, the solutions of the integrable system are
approximate solutions, so that we recover the formulation of KAM theorems for
quasi—integrable systems. We remark that the a—posteriori format was empha-
sized already in [52, 51, 68], where it was shown that the a—posteriori technique
allows us to deduce finitely differentiable results from analytic ones or to obtain
differentiability with respect to parameters [53]. In this paper, we also present
local uniqueness results as well as results on bootstrap of regularity: we show
that for analytic mappings all sufficiently smooth tori are actually analytic. As
pointed in [15] the a—posteriori proof provides a numerically accessible criterion
to compute the breakdown of invariant tori. Hence, the results obtained here also
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justify a criterion for the computation of the breakdown of invariant tori. Since
the leading hypothesis of the main theorem is the existence of a very approximate
solution (irrespective of how it has been obtained), the a—posteriori results can
be used to validate approximate solutions produced by a numerical calculation
([26, 25]).

Furthermore, the methods used in the present proof can be transformed into very
efficient numerical techniques to compute the invariant tori. As we will see, the
iteration step presented here is quadratically convergent as Newton’s method,
but it does not require to store, nor to invert a large matrix. If an approximate
solution is discretized in N Fourier coefficients and in N discrete points, the
iterative steps presented here can be implemented in algorithms that require
only O(N) storage and O(N log N) operations. It is striking to remark that the
origin of both the efficiency of the algorithms and of the KAM estimates is some
geometric identity, leading to a change of variables which makes the linearized
equation to be constant coefficients.

Of course, the efficiency of the algorithms requires not only to specify the math-
ematical steps, but also to provide practical details on how to construct the
solution by applying efficient operations. We have paid special attention to ex-
plaining the algorithmic details both for mappings (Algorithm 32) and for flows
(Algorithm 65). We also present some algorithms to compute the breakdown
threshold, similar to those developed in [13, 14, 15] for conservative mappings. It
is also important to mention the results in [11], which provide a numerical com-
putation of the critical threshold for tori associated to the dissipative standard
map, based on the criterion developed in the present paper.

The proofs of the existence of quasi—periodic solutions consist of several steps:
start from an approximate solution satisfying a suitable invariance equation, ap-
ply a Newton’s method to get a better approximate solution, provide estimates for
the norms of the different quantities involved, show that the process can be iter-
ated and that it converges. Estimates are given using both analytic and Sobolev’s
norms: in the former case we prove the existence of analytic quasi—periodic solu-
tions for analytic mappings, while the latter allows to prove quasi—periodic orbits
with Sobolev regularity and it applies to mappings with finite regularity.

The KAM theorem is much simpler when looking for quasi—periodic orbits
with fixed frequency satisfying a Diophantine condition. However, for dissipative
systems one expects the existence of attractors which may not be quasi—periodic
tori or that, even if they are quasi—periodic, they are characterized by a different
frequency. In fact, very simple examples [46] show that one cannot adjust the
frequency by changing just the initial conditions as it happens in the conservative
setting. Therefore, following [53] we will consider families depending on some
parameters, so that part of the unknowns to seek are the parameters in the
family which allow the existence of quasi—periodic solutions with the prescribed
frequency. Moreover, we establish smooth dependence of the parameters and we
show that the formalism extends differentiably to the Hamiltonian case of zero
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dissipation. Indeed, we show that the attractors continue to the symplectic case
with C'* regularity (see Theorem 58 and 59). We also establish the convergence
of Lindstedt series starting from a dissipative system (see Section 10).

For the sake of efficiency of exposition we present in great detail mainly results
for maps (for which the geometric reasons of the cancellations we use are easier
to explain), while in Appendix A we discuss the case of flows.

We finally remark that we provide estimates for the different algorithms, but
we do not intend to give an explicit expression for the constants, though their
dependence on parameters and norms is presented when necessary. For this rea-
son, throughout this paper C' denotes a generic positive constant. In practical
applications — eventually carried out with the help of a computer — it is straight-
forward to write a sequence of functions that gives the constants entering in one
step as functions of the previous ones, even if the final expression of the constants
would be cumbersome to write.

The paper is organized as follows. In Section 2 we provide the geometric set—up
by defining conformally symplectic maps and flows. In Section 3 we formulate
the invariance equation and we present several geometric identities which lead
to the existence of an interesting system of coordinates in the neighborhood of
an invariant torus. In Section 3.3 we use this system of coordinates to apply the
theory of normally hyperbolic manifolds [29, 30, 39], as well as to obtain results
on the regularity of the manifolds and on the behavior of perturbations near
the quasi—periodic solutions. In particular, we show that all the quasi—periodic
solutions are local attractors.

In Section 4 we introduce spaces of analytic functions and Sobolev spaces, then
we estimate the solutions of linear difference equations in the analytic and in the
Sobolev norms. In Section 5, Theorem 20, which is the main result of this paper,
establishes the existence of solutions of the invariance equation, provided that
we have approximate solutions which satisfy the non-degeneracy conditions. In
Section 5 we also state some related results, like Theorem 28 on the local unique-
ness of the solutions, Corollary 29 on the Lipschitz dependence on parameters of
the solutions, and Corollary 31 on the measure in parameter space covered by
quasi—periodic attractors.

The proof of Theorem 20 is based on a Newton-like method. The iterative
step for the Newton’s method is formulated in Section 6. The key idea of the
iterative step is to adapt the system of coordinates near solutions of the invariance
equations in order to approximate the solution; this is accomplished in Section 7.1.
The estimates for the corrections applied in one iterative step are performed in
Section 7. In Section 7.2 we make precise the statement that the error after one
step is quadratic in the original error. After these quadratic estimates, there are
standard abstract theorems that show that alternating the iteration with carefully
chosen smoothings, the procedure converges. There are many variants of these
ideas. A theorem well adapted to these methods appears in Appendix A of [15].
A slight improvement of it appears in Theorem 46 and we present a complete
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proof. For the sake of completeness, in Section 7.6 we also present a short proof
of the convergence in the analytic case.

The proof of the uniqueness of the solution is presented in Section 8. In Sec-
tion 9 we discuss some consequences of the a—posteriori formalism, such as the
bootstrap of regularity and a criterion to compute the break—down threshold.
The perturbative expansions, namely the formal series solutions and their con-
vergence, are discussed in Section 10. The algorithm to compute the parametric
representation of quasi—periodic solutions for flows is presented in Appendix A.

2. GEOMETRIC PRELIMINARIES

We consider the phase space M = T" x B, B C R" (B being an open, simply
connected domain with a smooth boundary), endowed with the standard scalar
product and a symplectic form €2.
Note that this does not entail any loss of generality, since we can take M to be a
subset of another manifold. Clearly, if we aim to look for an invariant torus, we
can find a neighborhood of it of the form M and we will always work on M.
We do not assume that 2 has the standard form; this generality is useful in several
applications, for example when dealing with surfaces of section of Hamiltonian
systems. We denote by J = J(z) the matrix representing 2 at x, namely for any
vectors u, v, one has

Qp(u,v) = (u, J(z)v) ,
where (-, ) denotes the Euclidean scalar product. We consider systems described
by conformally symplectic mappings (see Section 2.1) or by conformally symplec-
tic flows (see Section 2.2), which are defined as follows.

2.1. Conformally symplectic mappings. We introduce the notion of confor-
mally symplectic maps, which guarantees that at least locally the symplectic form
can be multiplied by a non-zero function to get a symplectic structure (see [67]).

Definition 1. We say that a diffeomorphism f on M is conformally symplectic,
if there exists a function \: M — R such that'

Q=0 (2.1)

When n = 1, any diffeomorphism is conformally symplectic with A(z) =
oldet(Df(x))|, ¢ = +1,—1 depending on whether the diffeomorphism is ori-
entation preserving or reversing. When n > 2, the only possible A is a constant
function. In fact, taking the exterior derivatives of the Lh.s. of (2.1) one obtains

a(f*Q) = f*dQr=0,
while from the r.h.s. of (2.1) one obtains:

dAQ) =dANQ+ANAQL=dA\NQ

1By f* we denote the pull-back via f.
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from which it follows that d\ = 0 for n > 2; since the manifold M is simply
connected, one obtains that A is constant.
Throughout this paper we will always consider the case X equal to a constant,
unless explicitly stated.
Note that if f is conformally symplectic, so it is the j—th iterate f/. Indeed, when
A is constant one gets

(fyQ=MNQ.

In general, one has:

(P Q= Ao I (@) - A@)a)

We remark that there exist more general definitions of conformally symplectic
diffeomorphisms ([7]), but we prefer to use the formulation (2.1) as it will be apt
for several applications to physical problems.

An example of a conformally symplectic system that has appeared often in prac-
tice is the dissipative standard map, which is a 2-parameter family of maps, say

fue, given by f, (I, ¢) = (I,p) with
I=(I+eV'(p)+ u)\
! ( e (o) + n) (2.2)

p=p+I,

where V() is a periodic, analytic function and V'(y) denotes its first derivative.

0 1
10 ) The map (2.2)
has been extensively investigated in the literature (see, e.g., [20, 55, 56, 57]). The

conservative case is obtained setting A = 1 and p = 0.

Notice that for the mapping (2.2) one has that J =

For completeness we introduce also the following definition of exact conformally
symplectic map, which applies also when studying the limit A\ = 1.

Definition 2. If Q) = da, we say that a diffeomorphism f is exact conformally
symplectic, if there exists a single—valued function P such that

ffa=Xa+dP .

The function P is called the primitive function of f. In the conservative case, it
was extensively studied in [33]. Many of the properties of the primitive function
for conservative systems have analogues in the conformally symplectic case.
Note also that, given a symplectic form, there can be several a’s. The exact
symplectomorphisms do no change, but their primitive functions depend on what
is the « chosen.

As an example, if we take o« = Idp, we see that in the standard map, f*a =
Idg = Mdo+dP (I, @)+ Aude+Npdl + N2 psV" (p)dp with P(I,0) = A\eV (@) +
(A2/2) 2+ N2V ()T +e%(\?/2)V"(p). Therefore the standard map (2.2) is exact
conformally symplectic if and only if 4 = 0. This can be seen more easily noting
that the standard map can be written as S = S.0.S,, where S.(I,¢) = (I,1+¢),
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Se(I,0) = (MI 4+ eV'(p) + p),p). It is easy to see that S, is always exact
symplectic, while S. is exact conformally symplectic when and only when p = 0.

Remark 3. It should be clear that the results of this paper generalize to a some-
what more general context. In fact, if the phase space decomposes as

M:M1X"'XMJ', Q:Ql®®Q], jZl,
it suffices to assume that
Q=M - ®\Q,

with \; constants. This general set-up appears naturally in physical applications.
It corresponds to j particles moving by a Hamiltonian interaction supplemented by
a friction. Fach particle experiences a frictional force proportional to its velocity,
where the friction coefficient of each particle might be different. As we will see
in Section 2.2, the friction coefficient of each particle is related to A\. The main
ingredient is that the automatic reducibility discussed in Section 3.1 generalizes
to the above context (compare with Remark 8).

2.2. Conformally symplectic flows.

Definition 4. We say that a vector field X is a conformally symplectic flow, if
there exists a function n: R®*™ — R such that for the symplectic form €, we have:

LxQ = 779 s
where L denotes the Lie derivative.

If n is constant, then the time t flow ®, satisfies
(@) = exp(nt)2

In the case that €2 = da, there is a particularly interesting characterization of
conformally symplectic flows. Denoting by ix the contraction with the vector
field X, one has

so that na and ix€) differ by a closed form. We say that the vector field X is
exact conformally symplectic, when there exists a function H such that

ixQ=na+dH . (2.3)
When () is the standard form, say 2 = 2?21 dp; N dl;, then o = I dyp, so that
equation (2.3) becomes

[ =———nl
0p (2.4)
_oH
90_ a] )

notice that equations (2.4) are a generalization of the standard Hamilton’s equa-
tions in symplectic geometry. In the 2-dimensional case, if div(X) = n and 7
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is a constant, then the flow X, changes the volume by a factor exp(nt). One
important class of examples, extensively studied in the literature, is formed by
systems with a dissipation proportional to the velocity and subject to an external
forcing through a potential force. In such a case, the time ¢ map (obtained taking
the solution of the flow at discrete times) will be conformally symplectic.
An example that has been studied several times in the literature is the spin—orbit
problem [18], used to model the rotation of an oblate satellite around a planet.
It is described by the equations

: IV (p,t)

I= a0 + A+ (2.5)

=1,
where V(p + 1,t) = V(p,t), V(p,t) = V(p,t + 1); the term p appears from
(2.4) with a trivial change of variables. All the vector fields (2.5) are conformally
symplectic for the form €2 = dp A dI. They are exact conformally symplectic,
if and only if o = 0. They correspond to the (local) Hamiltonian H, = %IQ +
V(p,t) — up. Note that, even if H,, is locally well defined, it is a globally defined
function if and only if = 0 (in old function language, H,, is multi-valued when
i # 0). Hence, the flow is exact conformally symplectic precisely when p = 0.
The conservative case corresponds to A = 0 and p = 0. As it is well known, for
conservative vector fields there are homotopically non—trivial invariant tori if and
only if they are exact. Note that (2.2) is a discrete analogue of (2.5).

3. FORMULATION OF THE INVARIANCE PROBLEM

We denote by w € R" the frequency of motion, which we assume to satisfy the
Diophantine condition

lw-q—p| > vlg|”", peZ, qezZ™"\{0}, (3.1)

for suitable positive real constants v < 1, 7 > 1. The corresponding set of
Diophantine vectors is denoted by D, (v, 7). If the dimension of the space is
obvious, we will omit the subindex n.

Given a family f, (that satisfies some non-degeneracy assumptions to be specified
later), we look for a value p, say u = p., and an embedding K : T" — M, such
that the following invariance equation is satisfied:

fu. oK) =K@0+w). (3.2)
For example, setting ¢ = 0 in (2.2) we can see that, for any A, one gets
K@) =(0,w), e = (W —wA)/A .
Notice that if (K, p1,) satisfy (3.2), then f,, (Range(X)) = Range(K) and, since
K is an embedding, Range(K) is diffeomorphic to T". Notice also that if (3.2)

holds, then for any o € T" the sequence {z,} = K(o + nw) is an orbit of the
map f,,; therefore, the dynamics of f,, |range(k) is diffeomorphic to a rotation.
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Remark 5. The solutions of (3.2) are never unique. Defining the shift T, such
that T,(0) = 0 + o, it is easy to see that if (K, u.) is a solution of (3.2), then
(K o T,, p) is also a solution for every o € T™. Henceforth, also equation (3.2)
admits n—parameter families of solutions (obtained by choosing a different phase
of the solution), though they correspond to the same geometric invariant object
in phase space. We remark that in Section 8 we will show that this is the only
non—uniqueness of the problem in a neighborhood. In particular, the geometric
tori are locally unique.

The problem of global uniqueness has been considered in [2|, which contains
global results for some particular systems — modifications of geodesic flows — with
strong enough dissipation. The paper [2] shows that, under these circumstances,
there is a unique Lagrangian manifold invariant under the flow. The paper [2]
does not consider whether the motion in this manifold is given by a rotation.

Remark 6. For a family of conformal vector fields X, fizing w € D(v,T), the
mwvariance equation means to look for a value p, and an embedding K, such that

X, 0 K(0) = (w- 0)K(0) .

The following result, stating that invariant tori are Lagrangian, is already known
for tori invariant by exact symplectic maps (or flows) (see, e.g., [23]), but we
state it here for tori invariant by conformally symplectic mappings. Later, in
Lemma 36, we will show that approximately invariant tori are approximately
Lagrangian.

Proposition 7. Let n > 2, let [ be conformally symplectic with |\| # 1 and let
K satisfy (3.2). Then, one has

K*Q=0. (3.3)

If X =1, assuming furthermore that w is irrational and that f is exact, then (3.3)

holds.

The case n = 1 is trivial, since in a 1-dimensional manifold one can only define
trivial 2-forms.

Proof. One easily obtains that
(foK)"Q=K"f"Q=\K"Q
and that
(KoT,)" Q=T K"Q .

In coordinates we see that if K*(Q) = > A;;(0) db; A db; (for suitable functions
A;; = A;;(0)), then we have A;;(0 +w) = AA;;(0). If A > 1, we note that
A;j(0) = A" (A;;(0+nw)). Since A;; is bounded, we obtain (3.3) taking the limit
as n — oo, while if A < 1 we take the limit as n — —oo. For the (slightly more
complicated) symplectic case, compare with [68], [23]. From K*Q = T*(K*Q) we
deduce that, in coordinates, K*() is constant, since the rotation is irrational. If
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) = da, we obtain that K*Q = d(K*«) and the only constant form which is an
exact differential is identically zero. O

For further applications, it will be important to generalize the Lagrangian char-
acter of invariant tori to quasi—invariant tori, namely tori which satisfy the in-
variance equation (3.2) up to a small error term. The precise formulation of the
results for quasi—invariant systems requires quantitative measures of the quasi—
invariance as well as some results on the solutions of the difference equations as
it will be done in Section 4.

3.1. Automatic reducibility. A key argument for our results is that in the
neighborhood of an invariant torus, there is an explicit change of coordinates
that makes the linearization of the invariance equation into a constant coefficient
equation. We also note that this system of coordinates makes it also particu-
larly simple to study the long term behavior of the variational equations, hence
we can use this system of coordinates to obtain dynamical information such as
Lyapunov exponents. The geometric interpretation of these identities is illus-
trated in Figure 1. These geometric effects were already observed in [22, 23] for
the case of symplectic mappings.

In this section, we explain in detail the geometric reason for the so—called au-
tomatic reducibility of invariant tori. Later, in Section 3.4, we will present a
generalization to approximately invariant tori.

V(e+a)
4 Q%“

DK(0+ w)

FI1GURE 1. Geometric explanation of automatic reducibility, where
V(6) is perpendicular to DK(f) and such that the area of the
shaded parallelogram is unitary.

As we will see, this system of coordinates for approximately invariant solutions
is crucial to obtain a Newton’s step that has quadratic convergence, but “tame”
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estimates in the sense of Nash-Moser implicit function theorems. We think it
is worth to start by covering first the exactly invariant case, since then all the
arguments are geometrically natural. Furthermore, we point out that we will use
the coordinates in the exactly invariant case for other purposes, namely: A) to
compute the Lyapunov exponents (Section 3.3), B) to establish local uniqueness
(Section 8), C) to show that there exist perturbation theories to all orders, to
establish their convergence and to develop fast algorithms for their computation
(Section 10). Further applications appear in [12].

3.2. An adapted system of coordinates for solutions of (3.2). Taking the
derivative of (3.2) (we write p instead of u, to make the formulas less cluttered),
we obtain:

D<fuoK>DK—DKoTw:O. (3.4)

Geometrically, the above equation (3.4) means that each of the vector fields 0; K
gets transported by D f, into itself. Note that the range of DK () is the tangent
space of Range(K) at K(f). Since the range of a matrix does not change if we
multiply it on the right, we find it convenient to introduce the normalization

N(0) = (DK (0)" DK (6))™" . (3.5)
Let us define the function V' (0) as
V(0)=J o K(@O)DK(O)N(O) .

Expressing K*() in coordinates?, the fact that K is Lagrangian is written as (see
23], [6])
DK'(6)J o K(9)DK(6) =0 . (3.6)

Due to the Lagrangian character of the invariant torus, we have
Range (DK(G)) N Range (J’l o K(@)DK(@))
— I o K(0) [Range (JOK(e)DK(e)) N Range (DK(@))]
= {0} .
Hence, we have that Range <DK(9)> @ Range (Jfl o K(Q)DK(Q)) is a 2n—

dimensional vector space, which coincides with the whole tangent space. There-
fore can write

Df, o K(0)V(0)=V(0+w)Al)+ DK(O+w)S(0) , (3.7)
where, setting

P(6) = DK(O)N(0) , (3.8)

2Recall that K*(Q)(u,v) = Q(DK u, DK v) for any vectors u, v, applying the general for-
mulas of pull-back for forms, [1].
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we will see that A(f) and S(6) are given by

A0) =X 1d,
S(0) = P(9+w)"Df, 0 K(9)J~" o K(6)P(6) (3.9)
— N0 +w) (0 +w)N(0 + w)A(9)
and
v(0) = DK ()" J " o K(0)DK(0) . (3.10)
When J is complex, J~! = —J, the Lagrangian character of the torus is the same

as 7(f#) = 0. The same conclusion leading to v(f) = 0 happens also when J? is
a multiple of the identity (which is what happens when one considers symplectic
polar coordinates).

To prove (3.9) we just multiply (3.7) by appropriate factors and use geometric
identities that come from the invariance and from the geometric properties of
the torus (notably the Lagrangian character). For later purposes, it is important
to remark that exactly the same procedure works for approximately invariant
tori; in that case, of course, we will obtain that the identifications happen up to
errors in the invariance and in the Lagrangian character (which will, in turn, be
controlled by the error in the invariance). Multiplying the left hand side of (3.7)
by DK (0 + w)".J o K(6 + w) and using (3.4) we obtain

DK(0+w)"JoK(0+w)Df,oK(#)J " oK(@)DK(0)N(0)
= ADK(0+w)"'Df,;" o K(6)DK(0)N(0)
= ADK(0)"DK(0)N(9)
=\1d,

(3.11)

where in the first line we have used the fact that f, is conformally symplectic®,
namely

Df,o K(0)"Jo K(0+w)Df,oK(0) =\ oK(f). (3.12)
Moreover, from the right hand side of (3.7) one has
DK (O+w)T JoK(0+w) J_loK(Q—i—w)DK(Q—I—w)N(Q—I—w)A(Q)—|—DK(9+w)S(9)]
=DK(0+w)'DK(0 +w)N(0 + w)A(0)
= A(0) ,
where we have used the definition of N and the Lagrangian character of the torus

(see (3.6)). To compute S(6) we multiply (3.7) by P(6+w)? = N(4w)T DK (6+w)T

3The conformally symplectic condition is equivalent to saying that fo)(Df(x)u, Df(x)v) =
A (u,v) for any vectors u, v. Therefore, (Df(z)u,J o f(z)Df(z)v) = Au, J(x)v); being
valid for any vectors u, v, one gets Df(z)TJ o f(x)Df(z) = A\J(x), which gives (3.12) taking
x = K(0).
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and we obtain

PO+ w)'Df, o K(O)WV(O)=PO+w) V(0 +w)AO)+ P +w) ' DK(0 +w)S(0)
=N+ w) (0 +w)N(O +w)AB) + S(6) ,

where, in the last line, we have just used the definition of (6) (see (3.10)) and

that P(0 + w)"DK (0 + w) = Id. This completes the proof of (3.9).

Defining M (6) as the 2n x 2n matrix obtained juxtaposing the two 2n xn matrices
DK (#), V(0), namely

M(0) = [DK(@) | J7to K(6) DK(@)N(Q)] , (3.13)
we obtain
Df, o K(6)M(6) = M(6 +w) (1(()1 i@) | (3.14)

The geometric reason why (3.14) is true is illustrated in Figure 1. We note that
the vector field DK (0) gets transported; geometrically V' (6) is a vector orthogonal
to DK (), normalized so that the area of the parallelogram formed by them is
equal to 1. Equivalently, the area of the parallelogram formed by DK (6 +w) and
V(0+w) is also equal to 1. The action of the derivative D f,, on the parallelogram
contracts the area by a factor A; due to (3.7), the projection of Df, o K(0)V(6)
onto V(6 4+ w) has to be A times the length of V(6 + w).

Remark 8. The above construction generalizes to the case discussed in Re-
mark 3 in which we consider different particles, each with its own friction co-
efficient. More precisely, we consider § = (0y,...,6;) and similarly K(0) =
(K41(0),...,K;(0)), where K; takes values in the i—th copy of the manifold and it
describes the motion of the i—th particle. We note that taking derivatives of the
invariance equation we still obtain D f, o K(0) Dy, K;(8) = Dy, K;(0 +w). Note
also that, because the symplectic form is a product, we can define a symplectic
conjugate v(0) = (v1(6y), ..., v;(0;)) with v;(6;) = J; ' 0 K;(0) Dy, K;(0)N;(0). The
same geometric argument used in the text shows that we have

Df, o K(0)v;(6;) = N\vi(0 + w) + S;(0) Dy, K;(0 + w)

Df, o K(0)M(6) = M(6 + w) (151 S/(\Q)) :

where A is a diagonal matriz with entries A1, ..., A;.

Remark 9. One can make further changes of variables so that the matriz S in
(3.14) takes a simpler form. For example we can consider

M(e):M(e)( 1(()1 Bé?) : (3.15)
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for a suitable matriz B to be determined as follows. Using (3.14) and (3.15) we
see that

DhoKWMﬂ®=Aﬂ0+m< Id a@)( Id Bwo

0 ad)\ 0
- d —BO+w)) [ 1d S©) [ 1d B
:Aﬂ9+@< s >)< 0 fﬁ)( 0 ﬁy)

- Id —AB(0+w)+ S(0) + B(0
o 14 B0+ 50+ 50)
= MO +w)UB+w),
(3.16)

where the last equality defines U(0 +w). Hence, if we use the theory of solutions
of cohomology equations when || # 1, we can choose B(0) in such a way that

0=-AB(0+w)+5(0)+ B9, (3.17)

Since (3.17) does not involve any small divisors, the solution B is as smooth
as S. The geometric meaning of the construction above is that, when |\ # 1,
we choose a coordinate system in which there is a contracting invariant space
transversal and complementary to the tangent of the tori.

In the case that A = 1, we cannot solve (3.17), but we can have that the the left
hand side of (3.17) is a constant. Hence we can arrange that U(0) in (3.16)
becomes a constant upper diagonal matriz with Id in the diagonal.

3.3. Relation with the regularity theory of normally hyperbolic man-
ifolds. Remark 9 has important consequences for the dynamics, which we will
now discuss. To simplify the exposition, we present only the case |A| < 1; the
case |A\| > 1 follows from this one by considering the inverse map.

The main observation is that Remark 9 has the dynamical interpretation that
we can find a frame of reference in which the linearized dynamics is given by a
constant diagonal matrix with eigenvalues 1, A, each of them with multiplicity
n. This says, in particular, that the manifolds are normally hyperbolic. From
Remarks 8 and 9 we have that for j > 0:

sz;oK<9>:M<e+jw>( o M-Old) 3 ) |

where M is the matrix in Remark 9. We have, therefore, shown that there exists
a decomposition

Tk oM = Range(DK (0)) ® B0 (3.18)
(we use the standard notation from differential geometry, where T,.A denotes
the tangent space of the manifold A at the point =), where E? is the eigenspace
corresponding to the eigenvalue A in the constant system of coordinates. We have
also shown that Range(DK (0))) = Tk K (T") and that DK corresponds to the
eigenvalue 1.
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By construction, the splitting in (3.18) is invariant under D f,, and we have that
there is a constant C' such that for all j € Z,

C'N|v| <|Df} o K(0)v| < CNv| <= v e Ee0)

: 3.19
C | < [Df) o K(0)v| < Clo| <= v € Tk K(T") . (3.19)

The constants C' are estimated by the norms of || M|z, [|[M ™ .

The properties (3.19) imply the assumptions of the theory of normal hyperbolicity
with rate conditions (see, e.g., [29, 30]). Indeed, the standard definition of normal
hyperbolicity only requires the analogue of (3.19) with the exponential estimates
of D fﬁ gs for positive j; the definition of normal hyperbolicity can accommodate
also an unstable space and some (small) rate of growth of the derivative on the
tangent space. Hence, applying the theory of normally hyperbolic manifolds, we
obtain several consequences, among them, the following result.

Proposition 10. If f, is conformally symplectic, |\| < 1 and K satisfies (3.2),
then the manifold K(T") is an attractor.

We can prove Proposition 10 in several ways ). For example, it suffices to appeal
to the results in [29] on the dynamics on stable manifolds (in our case, the stable
manifold is the whole space). The most direct proof is to show that if we consider
the map expressed in the coordinates given by the frame constructed in Remark 9,
we have that it is given by

(L) = (M, p+w)+ R(Lp) ,

where |R(I,¢)| < C|I|?, |DR(I,¢)| < C|I|. In such circumstances, it is clear
that for I in a small neighborhood, I decreases exponentially under the forward
iteration. Note that in Proposition 10 we do not need to assume any non-—
resonance property on w. The only thing that we need is the possibility to
construct the frame in Remark 9, which depends only on the fact that K(T") is a
manifold and that it is Lagrangian, without assuming irrationality of the rotation
when |A| < 1.

Several further developments on the behavior near quasi—periodic solutions are
obtained in [12].
We now develop several other consequences of the theory of normally hyperbolic
manifolds for our case.

Proposition 11. When |\ < 1 the tori K = K(T") are as differentiable as the
map, when measured in the C" reqularity classes, r € N (similarly for |A\| > 1,
considering the inverse mapping.)

The reason why Proposition 11 is true is that in Remark 9 we have seen that there
is a continuous splitting T, M = T, K& E:. When v € T,K, we have | D f7(z)v| <
Clv| for all j € Z. When v € Ef we have: |Df’(x)v| < CM|v| for all j € N. In
the language of [29, 30], we have different growth rates in the tangent space and
in the complementary distribution, which are given by p. = 1, ps = A. In those
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papers, one can find that the manifold is C'*, where ¢ = min(— log(ps)/log(p.), )
where r is the regularity of the map. In our case, £ = r. Note that the theory of
regularity of [29, 30] does not require any Diophantine property of the rotation.

Remark 12. Of course, the function K, conjugating the motion on the manifold
to a rotation, may be less differentiable than the manifold IC, because the con-
Jugation of a smooth map to a rotation may be less smooth than the map itself.
The Diophantine properties of the rotation play an essential role in this loss of
differentiability, but also the dimension n plays a role.

When the dimension n = 1, we have the powerful results of [37, 63, 41], which
show that the conjugating map is C"~7¢, € > 0 sufficiently small, independently
from the map; when n > 2, the smooth conjugacy to rotations has other obstruc-
tions [38].

Remark 13. Assume that n = 1, the rotation is Diophantine and that the map
s analytic, while the conjugacy has to be C" for any r; then, we can apply the
bootstrap of reqularity result provided in Theorem 53 to conclude that K is actually
analytic and so are the decompositions into spectral bundles.

Remark 14. Very often one considers families depending on other parameters,
so that the tori exist for some values of the parameter and not for others. The
above considerations show that, when n = 1, the rotation is Diophantine and
the mapping is analytic, then the conjugacy K has to remain analytic up to
the breakdown. The only possibility left by the previous considerations is that
the sufficiently smooth norms of the conjugacy K blow up (this was studied in
[11]). Furthermore, since the conjugacy cannot break down if the manifolds re-
main smooth (and this is implied by the hyperbolicity), the only possibility is that
the hyperbolicity also breaks down.

On the other hand, the automatic reducibility shows that the Lyapunov exponent
1s identically X. Hence, the only way that hyperbolicity can break down is that the
angle between the stable space and the tangent to the manifold goes to zero, so
that the stable bundle merges with the tangent space. Breakdown of hyperbolicity
by the merging of bundles was studied in [36, 35]. In the problem at hand, it has
been studied numerically in [16].

Remark 15. When n > 2, to study the breakdown of the solutions of (3.2), one
has also to consider, besides the breakdown of normal hyperbolicity, the phenom-
enon that happens at the breakdown of the smooth conjugacy of the maps of the
circle to rotations. However, this boundary is very poorly understood, even at the
level of numerical experiments (except for some particular classes such as linear
skew products).

3.4. Automatic reducibility for approximately invariant tori. Of course,
in the applications for iterative methods, we want to deal with approximately
invariant tori, not with exactly invariant ones. The goal of this section is to
show that, for approximately invariant tori, the automatic reducibility found for



CRM Preprint Series number 1076

18 R. CALLEJA, A. CELLETTI, AND R. DE LA LLAVE

invariant tori still holds up to an error that can be estimated by the error in
the invariance equation. The precise estimates will be given once we introduce
appropriate function spaces to measure the errors.

The procedure to establish these results is very similar to that of Section 3.1.
Some of the identities used in Section 3.1 will hold only approximately, but it is
important that we can estimate the error by that of the invariance equation. Be-
cause these errors in the reducibility are estimated by the error in the invariance,
we will show that they do not affect the quadratic convergence of the algorithm,
so that for the purposes of the Newton’s step, the system can be considered as
reducible. We emphasize that the calculations leading to (3.14) just rely on

a) taking derivatives of the invariance equation and then applying algebraic
manipulations, which use

b) the conformally symplectic properties of the map,

c) the fact that the torus is Lagrangian.

In the case of an approximate invariant torus, we follow exactly the same
algebraic manipulations (they are not geometrically natural and they require to
use coordinates); however, a), c¢) are only approximate identities and we show that
(3.14) holds with an error which can be estimated by the error in the invariance
equation. Whenever the rotation number is Diophantine or A # 1, we show that
the following expression holds:

Df, o K(6)M(8) = M(6 +w) (Ig i(ﬁ) +R) (3.20)

for a suitable error function R = R(f), which will be bounded in Section 7.
The explicit expression for R can be found as follows. Let (3.2) be satisfied with
an error E = E(6), say

fuo K@) — K(0+w)=E(@®) ; (3.21)
by differentiating (3.21) we obtain
Df,(K(9)) DK(§) — DK(0+w)=DE(®) . (3.22)
We will denote by
Er(0) = DK(0)"Jo K()DK(6) , (3.23)

the error in the Lagrangian character of the torus, which will be later (see
Lemma 36 b)) bounded by the error in the invariance equation.

If £y is sufficiently small in the C° sense (which, as we will see in Section 7,
follows from the smallness in the invariance error), then the spaces DK (6) and
V(0)=J"' o K(O)DK(O)N() (where N is defined in (3.5)) are transversal and
we can write as in (3.7) any vector in a unique way as a linear combination of the
columns of DK () and V(). Hence, there exist uniquely determined functions

A(#), S(0), such that we can write
Df, o K(O)V () = V(0 +w)A(0) + DK(0 + w)S(6) . (3.24)
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Of course, in the approximately invariant case, A and S will not have the ex-
pressions given in (3.9). Indeed, we want to estimate A(6) — A(6), S(6) — S(6),
where A, S are given in (3.9). Recall that, by the definition of R in (3.20), and
by (3.22), (3.13), we have

R(0)=[DE@®) | V(0 +w)(A(0) — A0)) + DK (6 +w)(S(8) — S(0))] . (3.25)

We now proceed to compute A, S, so that we can give expressions for the error
in reducibility. Multiplying (3.24) on the left by DK (0 + w)TJ o K(0 + w), we
obtain as in (3.11), just A Id since the calculation does not need any modification.
Equating to this the multiplication of the r.h.s. of (3.24) by the same factor
produces

MNd = A(0) 4+ E (0 +w)S(H) , (3.26)
where EY, is the error in the Lagrangian character defined in (3.23). Multiplying
on the left both sides of (3.24) by P(6 + w)? with P defined in (3.8), we obtain:

PO+w)'Df, o K(0)J o K(0)P(0) = N0 +w) v(0+w)N(0+w)AB) +5(6) .

(3.27)
We see that (3.26), (3.27) can be considered as equations for A, S, because they
determine uniquely such quantities (note that the diagonal terms are the identity
and that the upper—diagonal term in the system (3.26), (3.27) are small).

Applying the solution of the system of equations (3.26), (3.27), we obtain that
the difference between A, S — the approximate solutions of (3.26), (3.27) — and
A, S — the exact solutions of (3.26), (3.27) — can be bounded by a constant times
the error of the approximate solution. That is, we can bound the size of A — A,
S — S by a constant times the size of Ej. Precise estimates will be given once
we have defined appropriate function spaces, but we point out that, since they
depend only on just using linear algebra and precise formulas, these estimates
will be uniform provided that we take norms which are a Banach algebra under
multiplication.

Now that the geometric procedure is specified, we proceed to develop estimates.
This will require that we specify some spaces and that we develop estimates for
some auxiliary equations, such as difference equations, which we will do in the
next section.

4. ESTIMATES ON THE SOLUTIONS OF THE LINEARIZED EQUATION

Since the KAM procedure is based on the application of a Newton’s method, the
estimates on the linearized equation are extremely important.

In our case, we will be concerned with an equation for ¢: T" — C, given n:
T — C, of the form

p(0 +w) = Ap(0) = n(0) , (4.1)
where A € C, w € R™ are given. Equations of the form (4.1) appeared in many
contexts of dynamical systems; when |A| # 1, they appear often in the study
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of hyperbolic dynamical systems, while when |A\| = 1, (4.1) is recognized as the
standard small divisor equation. We remark that the cases |A\| = 1, |\| # 1 are
very different. When |A| # 1, one can solve (4.1) by an elementary contraction
mapping argument, which works for all real vectors w. When || = 1, it is well
known that the argument is more subtle and, in particular, it depends on the
arithmetic properties of w and Im(log(\)).

4.1. Several function spaces. In this section we present precise definitions of
the norms and some elementary properties of the solutions of (4.1). The main
results of this section are Lemma 18 and 19, which deal with the solution of (4.1)
for the case |A| # 1 and for the case that applies uniformly for all A € R, including
A= 1

We stress that in this work we present two types of KAM theorems, one with
the analytic estimates and another one with the estimates in Sobolev spaces. In
each type of scale of spaces, we present a theorem that assumes smallness in one
space of the scale and we conclude existence of solutions on another space of the
same scale. We also present estimates which are uniform in A, as A approaches 1
and estimates which assume that || # 1 and are not uniform in A.

The reason to present the results in two regularity scales is that the Sobolev
norms are a rather straightforward byproduct of the algorithms we present here
(which provide with the Fourier coefficients). Furthermore, we also present a
bootstrap of regularity result, which states that the Sobolev solutions of high
enough order are analytic. Another important reason to present estimates on
both spaces is that, as shown in [11], we obtain that the breakdown of analytic
circles happens when and only when the Sobolev norms of high enough order
break up. This criterion is rather practical because it works without any fine—
tuning, since it only relies on computing objects which are locally unique. For
example, it avoids the computation of periodic orbits, which for many systems
appear in a complicated way [28, 48]. A comparison of this criterion based on blow
up and other methods in the literature to compute breakdown can be found in [15,
Appendix BJ, while implementations can be found in [13, 14] for the conservative
systems and in [11] for the conformally symplectic systems considered here.

The estimates uniform in A are analytically more delicate since the difference
equations involve small denominators. They also involve some more geometric
obstructions. The reason why to include both cases is that we want to pay par-
ticular attention to the case of small dissipation. This is a case that has received
a great deal of attention in the applications, especially in Celestial Mechanics,
[17, 19, 18]. Ome of the good features of the method presented here is that it
allows to continue seamlessly through the Hamiltonian case.

Definition 16. Given p > 0, we denote by T} the set
']I'Tp‘:{z:x—f—iyE(C”/Z”: reT" |y <p, jzl,...,n} .
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Given p > 0, we denote by A, the set of functions which are analytic in Int(T7)
and extend continuously to the boundary. We endow A, with the norm

I£1s, = sup 1) (4.2

More generally, if C C C"/Z" x C" is a domain with a smooth boundary, we
denote by Ac the space of functions which are analytic in the interior of C and
extend continuously to the boundary. We endow Ae with the norm

[f1l.ac = sup [f(2)] -
zeC

Given m > 0 and denoting the Fourier series of a function f = f(z) as f(z) =
> kezn Jrexp(2mikz), we define the space H™ as

= (e le= (D IRFA R <o} 49

kezm

For a vector valued function f = (f1, fa, ..., f;), 7 > 1, we define the norm

£l = \/Hle%( + 2%+ -+ l%

where X is either A, or H™. For an ny X ny matriz valued function F' we define

ni no 9
IFlle = sw |3 (3 1Bl v)
7j=1

UGRiQ, |v|:1 1=1 =

Notice that if F is a matriz valued function and f is a vector valued function,
then one has

IE fllae < [1Fl[x 1712
for X being A, or H™ with m > 7.
To distinguish clearly between analytic and Sobolev norms we will use the nota-
tion || f|| g instead of || f||.-
It is well known that 4, and H™, endowed with their corresponding norms (4.2),

(4.3), are Banach spaces. It is also well known that A, and H™ with m > n/2
are Banach algebras under pointwise multiplication ([65]):

1fglla, < CllFlla, llglla, -

Ifgllem < Cllfllamllglgm ,  m>

for a suitable real positive constant C'.

It will be essential for the proof of the main result to have estimates on the
composition of functions belonging to the Banach algebras introduced above.
We include the composition estimates in the following lemma. As stated in
the introduction, we use the same letter C' for all constants appearing in the
forthcoming estimates.
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Lemma 17. The following estimates for the composition of functions in Sobolev
spaces and in spaces of analytic functions hold.

A1) Let f € C™ be the space of functions with m continuous derivatives defined
in the whole space. Then, for g € H™ N L>®(T") one has:

1 e gllam < Am(llglloe) [[fllem (1 + llgllam)

where A, depends on ||g]|so; || |loo denotes the essential supremum norm.

A.2) Let f € C™2 m >n/2. Then, for g,h € H™ N L>°(T") one has:

Ifog—foh=Dfoh(g—n)umm < An(lgle) I fllome= llg = hllFm -

B.1) Let f € Ac be an analytic function on a domain C C C"/Z" x C", where
C is a compensated domain. Assume that g = (g1, ...,gn) S such that
g(T%) C C and g; € A, with p > 0. Then foge A, and

1foglla, < IIfllac -

where | fllae = sup.cc [f(2)].
B.2) Similarly, if g, h are as above

Ifog—foh—Dfoh(g—"n)a, <CID*fllallg =R, -

Proof. A.1) is proven in [65, Section 13.3]. B.1) is obvious from the definition of
the analytic norm as supremum.
For the other two cases, we just use the fundamental theorem of calculus to write

fog(Z)—foh(Z)—Dth(Z)(g—h)(Z)=/O dt/o ds D*f(gs(2)) (g — h)**(2) ,

(1.4)
where g4(2) is a path such that go(z) = h(2), g1(2) = g(2).

In A.2), where we are assuming that the function f is defined everywhere, we
can just take gs = sg+ (1 —s)h. This formula for g, also works when C is a convex
domain, but for more general domains we could need a more complicated path
and the argument above only gives an estimate in the right hand side of B.2)
by the square of the length of the path. The definition of compensated domains
([24]) is precisely that given any pair of points in the domain, we can find a path
that joins them, whose length is not more than a constant. Of course, all the
convex domains are compensated. Note that, for the previous argument, since
we are doing pointwise estimates, there is no need that the paths corresponding
to different z are related.

Note that the same proof using (4.4) works both in the analytic and in the
Sobolev case. Nevertheless, in the Sobolev case, since the Sobolev norms are not
just pointwise estimates, one needs that the paths joining two points depend well
on the point. Hence, we included the assumption that the functions are defined
in the whole space. This is not a severe restriction, since one can use the Whitney
extension theorem [64] to extend functions from domains to the whole space. [
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4.2. Estimates on cohomology equations. In this section, we collect esti-
mates on the solutions of cohomology equations of the form (4.1), which are the
main tool in KAM theory. The results collected here are very standard. We note
that we provide estimates in two kinds of spaces: analytic and Sobolev spaces.
We also present two types of estimates, one that corresponds to |[A\| # 1 and the
other that applies uniformly for all A € R, including A\ = 1. Roughly, the esti-
mates for |A| # 1 involve less loss of differentiability, but they include constants
that depend on A. When we present estimates that are valid for all values of A
in an interval, we will use the name the uniform case.

We also consider the dependence of the solutions on A, but that is easy by ob-
serving that the derivatives with respect to A\ also satisfy cohomology equations.
It is interesting to remark that when |A| # 1, the cohomology equations have
a unique solution for all the data. When A = 1, they only have solutions for
data in a space of codimension 1 (there is one obstruction), but when there is a
solution, there is a one dimensional space of solutions. Stating unified results for
both cases will give the key for the formulation of the limit of zero dissipation.

Lemma 18. Assume |A| # 1, w € R™. Then, given any Lebesque measurable
function n, there is one Lebesque measurable function o satisfying (4.1). Fur-
thermore, for m > 0 the following estimates hold:

-1
lella, < [IN =1 lInlla,

» (4.5)
el < [IAL= 1| lInllzm -
Finally, one can bound the derivatives of ¢ with respect to X as
j J! :
[ D3ella, < W 7.4, J=z1,
. (4.6)
1Dl < Ll 21
b mo S~ 1 mo, = .
A= 1]
Proof. Note that (4.1) is equivalent to
1 1
Pl —w) = 3p(0) = =00 —w) (4.7)

which is of the same form as (4.1), but it involves 1/A in place of A. Therefore,
it suffices to consider the case |A| < 1. Note that (4.7) implies

p(0) =n(0 — w) + Ap(0 — w)
=10 —w) + (0 — 2w) + V(0 — 2w)

=D X0 = (i+Dw) + A0 — (N + 1)w) .
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Using Lusin’s theorem and Poincaré recurrence theorem, it is easy to see that we
have almost everywhere limpy oo AV (0 — (N + 1)w) = 0. Therefore the only
measurable solution of (4.1) is

©(0) = Z A0 — (i + 1Dw) . (4.8)

Since
(- = (@ + Dw)lla, = In()].a,
and
In(- = (@ + Dw)llgm = InC)[lgm

we obtain that (4.8) converges uniformly in A,, H™, whenever 1 belongs to these
spaces; we also have that (on spaces X = A, or X = H™)

ollx < (ZW)HUH»« |
=0

which establishes (4.5).

To study the limit of conservative systems, we note that, taking derivatives with
respect to A of (4.8) and observing that the resulting series converges uniformly
on 0 < |A] <1—¢ for any € > 0, we obtain that

: il
J _ =7 R
from which (4.6) follows straightforwardly; note that the estimates (4.5) and (4.6)
become singular as |A| — 1. O

Next we consider the case A in an interval containing 1 and we prove the following
result, which is standard in KAM theory (see [58]).

Lemma 19. Consider (4.1) for A € [Ag, Ag'] for some 0 < Ay < 1 and let
w € D(v, 7). Assume that n € A,, p>0 (resp. n € H™, m > 1) and that

/Tnn(e)de:o.

Then, there is one and only one solution of (4.1) with zero average: [, ¢(0) df =
0. Furthermore, if p € A,_s5 for every d >0 (resp. ¢ € H™™ "), then we have

1 -7
lella, s = € 67 llnlla,
(4.9)

1
lellmm—r < C—lln ]l

where C' is a constant that depends on Ay and the dimension of the space, but it
18 uniform in X and it is independent of the Diophantine constant v.
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Note that, when A\ = 1, there are other solutions of (4.1), but all the solutions
differ by a constant. The result of Lemma 19 is that the estimates of solutions
of cohomology equations normalized to average zero are uniform when A\ ranges
over an interval that contains 1.

Proof. The analytic bound is established in [58]; in that reference, only the case
A = 1 is treated in detail, but all other cases can be treated by the same
method as well. We note that, if we express n in Fourier coefficients, n(0) =
> jczn 1 €xp(27ij - ) and similarly for o, we see that (4.1) is equivalent to hav-
ing for all j € Z"

(A —exp(2mij - w)) P; =1; - (4.10)
Clearly, when A = 1 and j = 0, it is impossible to satisfy (4.10) unless 7y = 0.
In such a case, we have that @, is arbitrary. In all other cases, provided that
(A —exp(2mij - w)) # 0, we can find §; by setting

i = (A — exp(2mij - w)) 17 -
Hence, it suffices to estimate the multipliers using Cauchy bounds and (3.1), as
it is done in [58] to get (4.9). O

Note that Lemma 19 involves only values of A ranging over a real interval. A
conjecture concerning complex values of A will be given in Section 10. The result
is false for sets that include segments of |A| = 1, because in segments of |A\| = 1
there are new small (or zero!) divisors that appear.

5. STATEMENT OF THE MAIN RESULTS

In this section we formulate the main results for maps which we state in Theo-
rem 20. We note that this result is formulated in an a-posteriori format, namely
we show that if there is a function which solves approximately the invariance
equation (3.2) and satisfies some explicit nondegeneracy condition, then there is
a true solution which is locally unique. Furthermore, we can bound the difference
between the original approximate solution and the exact one by the original error
in the invariance equation. It is quite important to note that we do not assume
that the system is close to integrable, but only that we have an approximate
solution. We note that Theorem 20 involves adjustment of parameters, as it is
certainly needed in the dissipative case. If we fix the dissipative system, it has an
attractor, which may be quasi—periodic or not (for example, a strange non—chaotic
attractor). Even if it is quasi—periodic, it may not have the desired frequency. In
the conservative case, as it is well known, the adjustment of parameters is not
needed and one can choose suitable initial conditions. A general KAM theory
with adjustment of parameters is developed in [53]. Nevertheless, the parameter
count of Theorem 20 is somewhat different than the parameter count in [53] be-
cause, as shown in Section 3.1, the geometric structures present in our problems
produce the automatic reducibility and fix some of the parameters (but kill some
other obstructions).
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We note that we present statements in analytic and Sobolev norms as well as
statements that are uniform in A as A approaches 1 as well as statements that
assume that |\| is away from 1.

In Section 8 we present local uniqueness results as well as some elementary con-

sequences (Lipschitz dependence, measure estimates). In Section 10 we will also
show that one can obtain perturbative expansions including the rather singular
limit of zero dissipation. We also show that these expansions are convergent when
there is some dissipation. In Section 9 we show the bootstrap of the regularity of
solutions, from which we obtain a numerically accessible criterion for the study
of the boundary of the analyticity domain of the solutions. The criterion roughly
asserts that the boundary of analyticity can be computed by following the pa-
rameters and monitoring some Sobolev norms. This criterion has been already
used for dissipative mappings in [11]; similar justifications in other cases can be
found in [13, 15, 14]. The method of proof of Theorem 20 is to show that if we
start a quadratically convergent method, it will converge; the quadratic conver-
gence is used to overcome the small divisors that appear in the iterative step. A
detailed formulation of the iterative step will be presented in Section 6. The step
is based on some geometric identities (“automatic reducibility”, already discussed
in Section 3.1), which reduce the Newton’s step to the solution of the standard
difference equations with constant coefficients discussed in Section 4. We note
that the automatic reducibility leads to a very efficient numerical algorithm (see
Algorithm 32).
We present the estimates both in analytic spaces and in Sobolev spaces. Given
the abstract formulation we use, this does not require much more work. On the
other hand, as already mentioned, the use of Sobolev norms is quite useful in the
study of the breakdown of invariant attractors. For a function B we denote by
B its average and by (B)’ = B — B.

Theorem 20. H1 Letw € D,,(v, ) according to (3.1). Let M be as in Section 2.
H2 Let f, be a family of conformally symplectic mappings with respect to a
symplectic form Q, that is f;Q = XY (see Definition 1) with A constant.
Let Ky: T" — M, oy € R™ and define E, such that

fuooKO_KOOTw:E .
H3 Assume that the following non—degeneracy condition holds:
— 70 —~
det S S(Bb)T+ A #0, (5.1)
(A—=1)Id Ag

where S is an algebraic expression involving derivatives of Ky written explicitly
in (3.9), Avl, 2{2 denote the first and second n columns of the 2n X n matriz
A= M= 0T, D, fu, o Ko, where M is written explicitly in (3.13), (By)° is the
solution (with zero average in the A = 1 case) of A(By)° — (By)? o T, = —(A,)°.
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We denote by

I S S(Bb)i-i-ATl B
I\ (a=114 A,

and we refer to T as the twist constant.

A) Analytic case:

Assume H1-H3 and that Ky € A, for some p > 0. Assume furthermore that
for w e A, A being an open set in R", we have that f, is a C'~family of analytic
functions on a domain — open connected set —C C C" /7" x C™ with the following
assumption on the domain.

H4 There exists a ( > 0, so that

dist (0, OA) > ¢
dist(Ko(T}),0C) > ¢ .
Furthermore, assume that the solution is sufficiently approximate in the following

sense.
H5 We assume that, for some 0 < § < p/2, E satisfies the inequality

1E]|a, < CV* 6T

here and below C' denotes a constant that can depend on 7, n, T, || DKoll,, || N]|,.
| M|, |M Y|, where N, M are defined in (3.5),(3.13) as well as on ¢ entering
in H4. In such a case, € takes the value 2. If we allow C' to depend on \ with
IA| # 1, we can take ¢ = 1.

Then, there exists p., K. such that

JuoKe—K.o0T,=0. (5.2)

The quantities K., p. satisfy
1K = Kolla, s < Cv 07T |E]|4,
|te = po| < C|[E]]4, -

B) Finitely differentiable, Sobolev case:
Assume H1-H3 and that for p € A, A being an open set in R™, we have that f,
is a C'—family of C" functions (where r > m + 1307 + 2 with m > 5+ LT and l
specified below) on a domain — open connected set —C C T™ x R™. Furthermore,
assume that the solution Ko € H™ 3 is sufficiently approzimate in the following
sense.

H6 Assume that E and €* > 0 satisfy the inequality

|| E||ggm—er <,

where e* = e*(1,v,n, T, || DKol grm, || N ||grm, || M || z7m, || M || grm) s an explicit
function.
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Then, there exists K., e satisfying (5.2) and such that they also satisfy the fol-
lowing distance bounds:

|| Ke = Kol[rm < C||E]|gym-e-
e = pol < ClE||ggm—e

with £ = 2 in the uniform case, while { = 1 if C' depends on A\ with |\| # 1.

Remark 21. We note that the properties on the function [ enter only very
maldly, since it suffices to find bounds on some of its derivatives. Of course, in
the analytic case, one can obtain the derivatives from estimates on the size in a
slightly bigger domain.

Remark 22. Notice that the non—degeneracy condition in H3 has a well de-
fined meaning when X\ approaches 1, since for X = 1, (5.1) just amounts to

det(S) # 0, which s the standard Kolmogorov twist condition in KAM theory

(see [23]), and det(Ay) # 0, which is just the non—degeneracy of the family with
respect to parameters.

Remark 23. When A\ = 1, the existence of invariant tori requires that € is an
exact form and that the mapping f is exact. For \ close to 1 one does not need
that €2 is an exact form, nor that f is exact.

The reason is that the exactness comes into the proof because the automatic
reducibility requires that the approximately invariant torus is approrimately La-
grangian. This is proved showing that K*€) solves a cohomology equation with
a small right hand side. In the |\| # 1 this is indeed enough to show that K*{)
1s small. In the X = 1 case, this cohomology equation only allows to conclude
that K*$) 1s almost constant, we need to use the exactness to conclude that the
constant is zero.

In the case that ) is exact, we can see that the existence of an approrimately
wmvariant torus implies that the map is approrimately exact. The nondegeneracy
condition H3, includes that we can change the cohomology of the map by changing
w. Hence, since f, is approximately exact, using H3 we can make a small change
of parameters so that the mapping becomes exact. This choice of parameters is
implicit in the procedure. We see that, as \ approaches 1, the parameters p
approach zero, so that f, gets to be ezact.

The solutions produced by Theorem 20 are essentially unique; as already re-
marked, the only ambiguity is the change of origin in the phase of parameteriza-
tion. The main idea underlying Theorem 20 is that the operator obtained solving
the linearized equation has a left inverse.



‘,;

CRM Preprint Series number 1076

KAM THEORY FOR CONFORMALLY SYMPLECTIC SYSTEMS 29

5.1. Uniqueness results.

5.1.1. A preliminary normalization. In order to deal with the non—uniqueness
pointed out in Remark 5, we note that it is possible to impose an extra normal-
ization (see (5.3) below) for all possible candidates to a solution in a neighborhood
of the solution. We note that the proof that the normalization can be achieved is
elementary and it only uses the standard implicit function theorem. Hence, at the
only price of complicating slightly the proximity assumptions in the statement of
Theorem 28, one can formulate Theorem 28 without involving the normalization
(see Remark 25).
The normalization (5.3) below also plays a role in the study of perturbative
expansions, see Section 10. Of course, to discuss dependence on parameters, one
needs to eliminate arbitrary choices, so that some normalization that makes the
solutions unique is needed. We also note that some variants of this normalization
are easy to impose in the algorithms that we are going to discuss.

Our chosen normalization is as follows. We want that the function K, = Ky0T,
satisfies

[ @ - K], =0, 53)

where the subindex 1 in the braces means taking the first component. In other
words, if we write K, — K; = MW,,, we are imposing that [W,], has zero av-
erage; the normalization equation (5.3) can be considered as the average over
the angle coordinates of the difference in the adapted coordinates (introduced in
Section 3.2) in the neighborhood of Kj.

Proposition 24. Let Ky, Ky be solutions of (3.2), |K1 — Ka|lcr be sufficiently
small (with respect to quantitities depending only on M — computed out of K
—and f). Then, there ezists o € R", such that K, = Ky 0T, satisfies (5.3).
Furthermore:

o] < C Ky - Koo . (5.4)

where C' can be chosen to be as close to 1 as desired by assuming that f,, K are
twice differentiable, DKT DK is invertible and | Ky — Ks||co is sufficiently small.
The o thus chosen is locally unique.

Proof. The proof follows from an easy application of the implicit function theo-
rem. We realize that, expressing W, in coordinates, we have

K, — K, = DK, W,], +J "o K, DK, N, [W,], .
If we take derivatives with respect to o, we obtain:

D,K, = DK, [D,W,], + J ' o Ky DK\N, [D,W,], .
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Multiplying the left hand side by DK{.J o K; and by DKT, using that the torus
K is Lagrangian and that D, K, = DKy oT,, we get

DK{Jo K\DKyoT, = [D,W,],
DK{DK50T, = DK DK, [D;W,], + 71 N1 [DsW,], ,

where 7, is as in (3.10) corresponding to the torus K. By (3.6) we obtain that
|D,W,|, is small, if DK is close to DK, and o is small; under these conditions we
obtain that [D,W,], is close to the identity. An application of the implicit func-
tion theorem concludes the proof. In fact, if we define a function F(z,0) =
Jpn IMTH(O)(K,(0) — K1(0) — )], df, we recognize that F(K, — K;,0) = 0.

Moreover,
Fofe.0)= [ (D), as

is close to the identity if K is close to K;. Applying the implicit function theorem,
there exists a differentiable function v = wu(z), such that F(x,u(z)) = 0; from
u(z) = o one obtains the estimate (5.4). O

Remark 25. Notice that the normalization (5.3) does not use at all that K, is
a solution of the invariance equation (3.2). We just use that M is invertible and
that the inverse function theorem for the average can be used. Hence, it works
just as well when Ky is an approzimate solution.

Remark 26. The geometric meaning of the condition (5.3) is that, in the natural
system of coordinates introduced in Section 3.2, we can express Ky as a graph over
K. We request that in these coordinates the average of the angle displacement
is zero. Of course, since the tori are very close, the average displacement of
the second torus (in the coordinates of the first torus) is almost the same as the
change of the origin of coordinates in the second tori.

Remark 27. Note that from the inequality
1Ky = Ky o To || < ||[DEllo] < Ol DR[| Ky = Ksfleo

we can derive bounds on ||K; — Ky o T,|| from bounds on || K7 — Ks|.

The statement of Theorem 28 will be done under the assumption that the solu-
tion K5 is normalized with respect to K. In numerical applications computing the
shift is not very difficult and one can get better estimates than using the triangle
imequality as above.

5.1.2. Statement of the local uniqueness theorem.

Theorem 28. Let w € D,,(v,T) according to (3.1). Let f, be a family of confor-
mally symplectic mappings satisfying Definition 1 with A constant. Let (K, 1),
(Ko, 112) be solutions of (3.2). Assume also that Ky satisfies (5.3).

In the Sobolev case, let f, be a C*—family of C" functions, r > m + 2, m >
n/2 + {t satisfying the non—degeneracy condition H3 at Ky, py. Let M, =
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max (|| M| gm, 1), M_ = max(||M | gm, 1), where M has been defined in (3.13).
Assume that we have the following inequality:

C 1 DuDr ) fullzrm v MM max(|W || gmeser, |pn — pa]) < 1. (5.5)

Again, we can take ¢ =1 if we allow that the constants depend on A with |\ # 1
and ¢ = 2 if we allow the constants to be independent on .

In the analytic case, let f, be a C'—family of analytic functions, satisfying
the non—degeneracy condition H3 at Ky, p; and assume that assumption H4
about the domain of f,, and the range of Ky holds. Let M, = max(||M||4,,1),
M_ = max(|[M~|4,,1). Assume that we have the following inequality:

| DuDitoy fullay v 07 MEM max([W L, . i —pal) < 1. (5.6)

Then,
K, = Ky, H1 = M2 .

Again, we can take ¢ =1 if we allow that the constants depend on A with |\ # 1
and ¢ = 2 if we allow the constants to depend on \.

The proof of Theorem 28 is given in Section 8. Of course, given Proposition 24
if we assume just that the solutions are sufficiently close (in a slightly stronger
sense), we can assume that there is a normalized solution which is also normalized.
Then Theorem 28 concludes that there exist o € R™ such that K| = Ky 0T,

5.1.3. Some straightforward conclusions of uniqueness: Lipschitz dependence on
parameters, measure estimates. An easy corollary of Theorems 20 and 28 is that
if we consider a family of maps, which depends in a Lipschitz way on a parameter,
then we obtain a Lipschitz dependence of the solution with respect to the param-
eter. Later, in Section 10.3, we will obtain sharper conclusions of differentiability
on parameters, assuming, of course, that the problem is differentiable with re-
spect to parameters. This is closely related to the existence and convergence of
perturbative expansions.

Corollary 29. Assume that the family f, 4 depends also on a parameter ¢, be-
longing to a metric space (Y, d), and assume that for each value of ¢, the map
fuo satisfies the hypotheses of Theorem 20 with uniform constants. Assume also
a Lipschitz dependence with respect to the parameter ¢ for m > n/2 + (r:

[ frs 0 K — fug o K|, < Apd(¢,¢)
| fup 0 K = fug o Kllpm < Apd(¢,¢) (5.7)

or a surtaobie constan ~L' en, ere exists a constan I Suc a e solution
tabl tant A Then, th t tant Ay, such that the solut
s s 0 € mvariance equalion
Ky, 1) of the invari quati

fuqa,d)OK(i’ = K¢>0Tw )
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produced by applying Theorem 20 normalized so that we obtain uniqueness, is
Lipschitz with respect to the parameter ¢ with a constant C'Ayp, i.e.
1Ko = Kgrlla, s <C A~ 677 d(¢/, ¢)
in the analytic case with 6 as in Theorem 20 and
1Ky — Ko |lam < C Apd(d, ¢)

p—L§

i the Sobolev case with

|lu¢ - M¢/| S CAL d(¢/a gb) 5
where £ = 2 in the uniform case and { = 1 if we allow C to depend on A\ with

A1

The proof of Corollary 29 (see Section 8) relies on the remark that if (¢, Ky, )
is a solution of (3.2) corresponding to the parameter ¢, we have

| fupor © Ko — K0 Tol|a, = | fupor © Ko = fupo © Kolla, < AL d(¢,¢') .

Then, applying Theorem 20, we obtain Corollary 29.
A simple consequence of Corollary 29 is the following.

Corollary 30. Assume that in the hypotheses of Theorem 20, we have an exact
solution f,, o Ko — Koo T,, =0 with Ky € A,.s (Ko € H™, m > n/2+ (1),
wo € Dp(v, 7). Fiz 0 < § < p; then, for s > 0 sufficiently small and for all
w € Dy = D, (v,7) N By(wy) (we denote by By(wy) C R | the ball of radius s
around wy ), there exist K, € A, 45 (K, € H™), p, € R" such that

fuo oKy —K,o0T,=0.

Furthermore, the mapping w — (Ky, o) is Lipschitz, when considered as a map-
ping from the closed set Dy to A,_¢5s x R™ (H™ xR™ ), where £ = 2 in the uniform
case and { =1 if we allow the Lipschitz constant to depend on \ with |\| # 1.

We note that there are more sophisticated arguments that give that the de-
pendence on the frequency is differentiable in the Whitney sense [66].
The proof of Corollary 30 is simply to observe that

| fyo © Ko = Koo Tulla, = [[ Ko © Ty — Ko 0 Tu|la, < CO" | Kol
in the analytic case and
[ fo © Ko = Ko o To[[gm = || Ko 0 Toy — Ko © Ty [lm < Cl| Kol gmi|w — wl

in the Sobolev case. Hence, when |w — wy| is small enough, we can take Ky, 110
as an approximate solution of the invariance equation for the frequency w, so
that the error in the invariance can be made arbitrarily small by making |w — wy|
sufficiently small. We also note that the non—degeneracy conditions depend only
on Ky, pip and therefore they are uniform with the choices of w.

It then follows from the application of Theorem 20 that we can have a solution
K., ji,. Furthermore, we have that || K, — Ko|la,_,; ([[Ko — Kollzm) and |, — ol

p+6‘w - CL)O‘
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are smaller than C|lw — wp|. It is important that we choose K normalized, for
example satisfying the normalization (5.3).

Now, we observe that we can apply the argument again to all w, w’ € Dy and,
eventually redefining the constants and making the smallness conditions stronger,
we obtain

1K — Kol

An immediate consequence of Corollary 29 is the following.

1Ky — Kol zmy |t — o] < Clw —w'|

p—L57

Corollary 31. In the conditions of Theorem 20, there is a positive measure set
of w, such that there is a K and an w satisfying (3.2).

The proof of Corollary 31 is just to observe that the set of Diophantine points is
a set of positive measure. Since the mapping w — pu,, is bi-Lipschitz, it sends a
set of positive measure into a set of positive measure.

Notice that, due to Proposition 10, the solutions of (3.2) are attractors. Hence,
we show that the set of parameters p for which the attractor is quasi-—periodic has
positive measure. Furthermore, the set described by Corollary 31 is bi-Lipschitz
equivalent to the set of Diophantine numbers D, (v, 7). This is a geometrically
complicated set full of gaps. In the gaps of this set (which can be large in some
topological sense) the attractors could have a dynamics more complicated than
quasi-periodic (e.g. strange attractors, see [46]).

6. FORMULATION OF THE ITERATIVE STEP IN THE PROOF OF THEOREM 20

In this section we formulate the iterative step of the Newton’s method and we
argue that it leads to a fast and efficient algorithm (we present the algorithm in
Section 6.2.2). Estimates showing that the error after a Newton’s step is quadratic
in the original errors (using the appropriate norms) will be developed in Section 7.
Given these estimates, standard KAM theory ensures that, if the initial error is
small enough, then the iteration procedure can be repeated indefinitely and it
converges to a solution which is close to the initial approximation. In Section 7
we provide estimates on the dependence on parameters, characterizing the limit
of small dissipation. The efficiency of the iterative step is due to the fact that we
take advantage of some identities of geometric origin as described in Section 3.1.

6.1. The Newton’s equation. We start with an approximate solution of (3.2)
up to an error term F, say

fuoK—-—KoT,=FE, (6.1)

where E is supposed to be small. Newton’s method consists in finding corrections
A, o to K and p respectively, such that the linear approximation of the transfor-
mation associated to K + A, pu + o quadratically reduces the error. Taking into
account that

furo o (K+A) = fio K+ [Df, o K|JA+[D,f, 0 Klo+ O(|A[]*) + O(|o]?) ,
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the resulting equation is
[Dfyo K|A—AoT,+[D,f,oKlo=—-FE. (6.2)

6.2. A method to find approximate solutions of the linearized equation
(6.2). A quasi-Newton method. The equation (6.2) is not easy to solve, since
it involves the unknown function A evaluated at different points and, moreover,
the factor Df, o K appearing in the first term is not constant.

We will not solve (6.2) exactly, but we will find approximate solutions that still
lead to a convergent proedure.

The main idea to find approximate solutions of (6.2) is to use the geometric
identities developed in Section 3.1. Using the matrix valued function M intro-
duced in (3.13), we change variables in (6.2) by setting

A =MW (6.3)

and we seek W instead of A. Note that in the iterative step M is known because
it is an explicit expression (given in (3.13)) involving derivatives of K, which is
known.

The geometric meaning of (6.3) is that M defines a frame of vector fields
that transforms very simply under the map f,. The new unknown W is just the
expression of A in the coordinates given by M. Using (6.3) we have that equation
(6.2) is equivalent to

Df,o KMW — (Mo T,)(W o T,) + D,f, 0 Ko = —E ;
using (3.20) one obtains that (6.2) is equivalent to:

Moﬂ[@?iﬁ)W—Wﬁﬂi+QmmKa:—E—MV, (6.4)

where R is the error in (3.20). Since we expect that A, and therefore W, are
estimated by F and, as we argued before, so is R, we obtain that the term RW
in (6.4) is quadratic in FE; therefore, we can omit this term without changing
the quadratic nature of the method. Precise estimates for R and for the other
quantities will be established in Section 7.

Our iterative step consists in solving the following equation (6.5), obtained drop-
ping the term RW from (6.4):

(151 i(li)) W—-WoT,=-M"‘'oT ,E— M oT,D,fu,oKo . (6.5)

As we will see, (6.5) reduces to difference equations with constant coefficients, so
that it can be solved very efficiently by using Fourier methods. Equation (6.5)
can be expressed in components as

W1 — W1 OTU_, = —SWz — El — (Za)l

o (6.6)
)\WQ — W2 OTU_, = —E2 — (AO')Q y
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where, to simplify the notation, we have written
E = ]\4-71 OTwE = (El,EQ)

~ . (6.7)
A=M"0oT,D,f, 0K .

Note that A is a 2n x n matrix that we write as A = [2{1|2{2] with Avl, Ay being
n X n matrices.

The system of equations (6.6) has an upper triangular structure. The second
equation involves only Ws, but the first equation involves W; and Ws. So, it is
natural to try to solve first the equation for W5, substitute in the first equation
of (6.6) and then find W;.

Note that both equations in (6.6) for the unknowns Wy, W5, are cohomology
equations of the form studied in Section 4.2. The main subtlety of the procedure
comes from the fact that these equations involve small divisors and obstructions
which will be accommodated by choosing parameters. These obstructions and
choices of parameters are different when A = 1 and when |A| # 1, but we will
present a choice that works uniformly in both cases. We will first discuss these
choices of parameters; once we do that, the discussion of estimates will become
an application of the results of Section 4.2.

6.2.1. The choice of parameters. When |\| # 1, the second equation can always
be solved and has a unique solution, while for any A the first equation involves
small divisors and it requires that the right hand side has zero average. On the
other hand, when A = 1, both equations involve small divisors and require that
the right hand side has zero average, but the solution of W is not unique and it
admits an arbitrary constant. In some way, the freedom of having an arbitrary
average for W5 compensates the extra obstruction required for A = 1.
We now study the problem systematically. Given a function B we denote by B
its average and by (B)? = B — B, the no-average part.

We can divide (6.6) into two systems, one for the average and another one for
the no—average part:

0= _EWQ - S(WQ)O - El - Zla

— (6.8)
(/\ — 1)W2 = _E2 — AQU s

(W1)" — (W)° o T, = —(SW2)" — (E1)° — (A1)°0

- ~ (6.9)
AW)? — (W) o T, = —(E,)° — (Ay) 0 .

Unfortunately, the two systems (6.8) and (6.9) are not completely uncoupled due

to the term S(W3)? appearing in the first equation of (6.8). Nevertheless, it
is easy to uncouple the system because (W) is an affine function of o, since
it satisfies (6.9). We define (B,)°, (By)" to be the zero average solutions of,
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respectively,
/\(Ba)o - (Ba)o oT, = _(52)0
A(B,)? = (By)? o T, = —(Ay)° .
These equations are readily solvable using the lemmas in Section 4.2. In particu-
lar, note that we have estimates which are uniform in A as A goes through 1. Of

course, these uniform estimates will entail more severe losses of regularity.
We therefore see that we can transform (6.8) into

(6.10)

0=—SW,— 8(B.) — S(By)00 — By — Ao
I (6.11)
()\ — 1)W2 = —E2 — AQO’ .
The system (6.11), in spite of its typographically formidable appearance, is a
finite dimensional system that we can write as

S SBY+A)\( W _( -SBS-E
((A—l)ld Ay )( a>_< s ) (6.12)

The non-degeneracy condition that we assumed in H3 is precisely that the de-
terminant of the matrix at the left hand side of (6.12) is not zero.

In summary, the algorithm is to: 1) form the auxiliary quantities entering into
(6.11), 2) solve for Wy, o, 3) solve (6.9). In Section 6.2.2 we will present the
algorithm and in Section 7 we will present estimates.

6.2.2. The algorithm for the improved approximation. The procedure described
before in Section 6.2 leads to the algorithm described below for a given Diophan-
tine frequency w, where each step is denoted as follows: “a «— b” means that the
quantity a is determined by computing b.

Assume that we are given a family f,, and that we can compute Df,, D, f,. The
family is quasi-conformal so that f;{2 = AQ. The following algorithm computes
an improved approximation for any A € R.

Algorithm 32. Given K: T" — M, u € R”, we denote by A € R the conformal
factor for f,. We perform the following computations:
1) E«— fyoK —-KoT,
) o «— DK
) N « [aTa]™!
) M — [a,J ' o KaN]|
) B M1oT,
)
)

ve—alJloKa
S— (PoT,)'Df,oK J'o KP— (NoT,)"(yoT,)(NoT,)A
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Ae—M"10T, D,f oK
8) (B,)" solves A(B,)" — (B,)’ 0T, = —(E>)°
(By)° solves  AN(By)? — (By)° 0T, = —(A,)°
9) Find W4, o solving

— SW, — S(B.) — S(By)00 — By, — Ao
(A= 1), = —B, — Ay .
10) (W3)" = (B.)° + o(Bs)"
) WQ ( ) +W2 ~ -
12) (W1)? solves (W1)? — (W1)° o T, = —(SW3)? — (E1)? — (4,)%
13) K — K + MW
pe—pto.

We formulate in Appendix A the equivalent of the Algorithm 32 for flows.

Remark 33. Algorithm 32 is constructed as follows. Step 1 follows from (6.1);
step 2 defines a; steps 3, 4 follow respectively from (3.5), (3.13); step 5 defines
B; steps 6, 7 follow respectively from (6.7), (3.9); step 8 follows from (6.10);
step 9 gives the solution of (6.11); step 10 solves the second of (6.9); step 11
provides the solution Wy, step 12 solves the first of (6.9); step 13 determines the
corrections A, o with A as in (6.3).

Remark 34. There are two important points to underline in the above algorithm.
One is that no large matriz (i.e. a matrixz of dimension equal to the elements used
in the discretization) is stored (and much less, inverted).

Another important point is that steps 2), 8), 10), 11), 12) are diagonal opera-
tions in the Fourier space, while all other steps are diagonal in the real space (a
few of them are diagonal in both spaces). Of course, once we obtain a representa-
tion of the function in discrete points or in Fourier space, we can obtain the other
applying the Fast Fourier Transform (FFT). Therefore, if we decide to discretize
the unknowns using N Fourier modes (as well as N discretization points), the
storage required is O(N) and the number of operations is O(Nlog N) — due to
the FFT we have to switch from the representations.

Note that the algorithm is reasonably easy to implement.

0 Id

Remark 35. Denoting by Jy = (_ Id 0

> the standard symplectic structure,

we have that
M"Jo KM = Jy+ O(E) . (6.13)
Without changing the quadratic character of the algorithm, we can modify step 5)
of the algorithm by using an approzimate inverse M~* obtained as J;*M*Jo K.
Of course, from the theoretical point of view both methods require O(N) oper-
ations. If we use 5), the coefficient is the number of operations needed to invert



CRM Preprint Series number 1076

38 R. CALLEJA, A. CELLETTI, AND R. DE LA LLAVE

n X n matrices, while in the case of (6.13) it is the number of operations needed
to carry out the multiplication indicated. Note that Jy is a very simple matriz,
so that the multiplication is just a rearrangement of the coefficients, which in
practice is easier to program. We do not need to link to linear algebra routines
to compute n X n inverses and the only operations needed are very simple ones

(like in the BLAS package [27]).

7. ESTIMATES FOR THE ITERATIVE STEP

7.1. Approximate reducibility. In this section, we present estimates on the
approximate reducibility (see Lemma 36), which is a perturbation of the geomet-
ric arguments developed in Section 3.1. We present two versions of the estimates:
one in the spaces of analytic functions and another in the space of Sobolev func-
tions.

Lemma 36. Let f,: M — M be an analytic (respectively C") conformal sym-
plectic mapping. Let w € D(v, T).

Let K: T" — M be an embedding such that K € A, (respectively, K € H™,
m > n/2+ 1+ 1 in the uniform case, m > n/2 + 1 in the non-uniform case,
r>m+1).

Assume further that for some ¢ > 0:

1) K(T}) C domain(f,),
dist(K(T}), 9 domain (f,)) > ¢ > 0;

2) the approximate invariance equation holds:
JuoK—-—KoT,=FE. (7.1)

Then, we have
a) [[Dfyo K DK — DK oT,[la,_; <C 5_1”E”Ap
|\Df,o K DK — DK o T,,||gm—1 < C || E||gm ,

b) ”K*QHAP—(Z—l)J—é/Q < CV_(E_l)é_l_T(g_l)”E”Ap

| K| grm-e-1yr—1 < Cv= V|| E||ggm , where £ = 2 when C'is independent
of X and ¢ =1 when C can depend on A with |\ # 1.

Remark 37. The proof is based on repeating the calculations performed in Sec-
tion 3.1, but keeping track of the estimates. In contrast with the calculation for
exactly invariant systems done in Section 3.1, which could be performed with
geometrically natural operations, in this section we need to perform geometri-
cally unnatural operations such as comparing vectors at different points; they are
possible because the phase space we are considering is an Euclidean manifold.
Therefore in this section we will use a matrix formulation in preference to the
more inlrinsic geometric notation.
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Proof. The proof of a) is just the chain rule applied to (3.2). The first step for
the rest, will be to obtain estimates for the form Eq defined as:

T:K*Q — AK*Q = Eq . (7.2)

Note that, if h, g are diffeomorphisms, the matrix corresponding to h*Q2 — g*€ is:
Dh"J o hDh — Dg"J o gDg = (Dh" — Dg").J o h Dh+ Dg"(J o h — J o g) Dh
+ Dg"Jog(Dh— Dg) . (7.3)

In our case, of course, we will apply the above formula (7.3) for h = f, o K,
g = K oT,. Hence, we can estimate straightforwardly (7.2) using the above,
Cauchy bounds and (7.1), as

1Balla, 50 < CO M Ifuo K = KoTylla, + [VIlla, I fuo K — K o Tolla,

p—06/2 —

< OOV B4,
| Eqllims < ClE]n .

We now observe that, because (f, o K)*Q2 = K*f;Q = AK"Q), we have that K*(

satisfies (7.2), which in coordinates is a difference equation of the form we studied
in Lemma 19, namely,

(DK"Jo KDK)oT,—\(DK"Jo KDK) = Eq , (7.4)

where Eq is the expression in coordinates of Eq. Furthermore, since for Q =
da we have K*Q) = K*da = d(K*a), we obtain that DKT.J o KDK has zero
average, and henceforth Eq, has zero average. Applying the estimates obtained
in Lemma 18 and Lemma 19 to (7.4), we obtain b). Notice that the limitation
m — (7 4+ 1) > n/2 and Sobolev’s embedding theorem ([65]) ensure that we are
dealing with continuous objects, which also enjoy the Banach algebra properties
under multiplication and the composition estimates of Lemma 17. U

Lemma 38. Let f,: M — M be an analytic (respectively C") conformal sym-
plectic mapping. Let w € D(v,7). Let K: T" — M be an embedding such that
K € A, (respectively, K € H™, m > n/2+71+1 in the uniform case, m > n/2+1
in the non—uniform case, r > m+1). Under the hypotheses of Lemma 36, assume
that

Cpyto D £, << 1 or Cv ' E|gm << 1. (7.5)
Then, the matriz valued function
M(9) = [DK(9) | J~" o K(6)DK(6)N(6)]

satisfies
Df, o K(6) M(6) = M(6 +w) (Iod i(ﬁ) + R() .
where S(0) is given by (3.9) and R satisfies:

172]|.4 < Cr D §TEVE|,,

p—(0—1)5—5/2
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|R|| gprm—e—ryr—1 < C v~V B gm | (7.6)

where { = 2 when C' is independent of A or £ = 1 when C' can depend on \ with
A £ L

Proof. Due to the assumption (7.5) and to b) of Lemma 36, then || K*Q||co is suf-
ficiently small, which implies that the torus K (T™) is approximately Lagrangian
and that

Range DK () N Range (J~' o K(/)DK(#)) = {0} foralld € T ;.

Due to the transversality of the spaces Range(J !'o K(0) DK()) and
Range DK (0) for all 6, we obtain that M (6) in (3.13) is a linear isomorphism.
Due to a) of Lemma 36, the left column of M satisfies the bounds claimed in
(7.6). The only thing that remains is to bound R, (compare with (3.25)), namely
to study the right column of M provided by J~!o K DK N.

We define the error on the Lagrangian character (see (3.23)) as

E;, = DK" Jo K DK .

Due to b) of Lemma 36, the norm of £, is bounded by the norm of E. Moreover,
from (3.9), (3.26), (3.27), we obtain that

A(B) — A(9) = —E1(6 +w) 5(6)
5(6) = S(8) = =N(0 +w)" 7(0 +w) N(0 +w) (A(6) - A®)) :

therefore the norms over A, or H™ of ||A(0) — A(0)]|, ||S(0) — S(0)|| are bounded
by ||EL||. Due to (3.25) we obtain the estimates in (7.6). O

7.2. Estimates for the increments in the step. In this section, we present
estimates for the corrections A, o obtained applying Algorithm 32 (we follow the
notations introduced there). We present estimates using analytic and Sobolev
norms. We note that, in the case that A # 1, we can obtain better regularity
estimates because we can use Lemma 18, rather than Lemma 19 to estimate the
second equation of (6.6). Nevertheless, as pointed there, the constants depend
on .

Lemma 39. Let f, € Ac be a family of conformally symplectic maps on a domain
CCC"/Z" x C", K an embedding, w € D(v,T).
A) Analytic case: assume that the map f,, is analytic and that for some ¢ > 0
KeA,s, K(T))Cdomain (f,),
and
dist(K(T7), 9(domain (f,))) >¢>0.

Then, we have:

W1 4

p—L&

1
<C 6 B4, ,
14
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o] < ClE]4,

where £ = 2 and C' is an explicit constant depending only on the dimension
and on the non—degeneracy condition.

If we assume that X\ # 1 we can take { = 1, but C depends on \ and
indeed C' blows up as A — 1.

B) Sobolev case: let f, be a C" map, r > m + 1 and m > 5 + (1. Assume
that

Ke H™ ! |

Then, we have:

1
W ggm—rer < C— | B rm
14
o] < CE[am

where £ = 2 and C' is an explicit constant depending only on the dimension
and on the non—degeneracy condition.

If we assume that X # 1 we can take ¢ = 1, but C depends on \ and
indeed C' blows up as A — 1.

Proof. We just follow the steps of Algorithm 32 estimating the output in terms of
the input. We note that steps 8) and 12) involve solving cohomology equations;
all the other steps are algebraic operations. The results of steps 8) and 12) are
estimated using the results for difference equations in Section 4. The algebraic
steps are estimated using the Banach algebra properties of the norms.

The most delicate point is that we need to ensure that the constants satisfy the
non—degeneracy conditions in H3 of Theorem 20. We remark that the estimates
of the derivatives of f, with respect to the parameter p immediately yield an
estimate for A. Then, one has:

H(Dufu) © KHAP < Slép ‘Dufu‘

and
H(Dfu) © KHAP < Slép ‘Dfu‘ .

In both cases, we define () as an upper bound on the supe|D, f,| and on the
supe | D f,,|; then, for analytic norms we have that

[All, < QUM |4, -
In the case of Sobolev norms we obtain the estimates from the composition

1(Dyfu) o Kllm < Am(|Klloo) [ Dpfullem (141K am)

while in the analytic case we have

1(Dufu) o Klla, < 1Dy fullac -
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Similarly we have:
(D fu) o Kllzm < An([[Kloo) 1D fullom (L4 1K |am)

and

[(Dfy) o Klla, < 1D full ac -

Another estimate that will be needed throughout the proof is an estimate for
S. The main point is that S is an explicit algebraic expression involving only
K and its derivatives, N, M~!. Provided that these quantities remain in a
small enough neighborhood of those corresponding to the initial guess, then S is
uniformly bounded. For completeness we report below some explicit estimates in
the analytic and Sobolev spaces that follow from the explicit formulas (see (3.9)):

1514, < CUDfllac I, N2, 1T s + C AN, QUM la,llvlLa,

1S < CHEmer IN[zm A (HE lloo) 1D fullzre (14 (LK [[1zm) (1 {12
+ CINIgm QUM e [Vl

where B, denotes a neighborhood of radius ¢ around the image of K (6).

The main point of the estimates above is that, provided that K, M, M~* N
remain in a neighborhood, we have uniform bounds in S

We now proceed to perform estimates for A # 1. Later, we will present esti-
mates uniform for A in an interval around 1.

The difference equations in steps 8), 9) of Algorithm 32 allow to conclude
estimates for W5 and ¢ under the assumption H3 of Theorem 20. Setting

P+ |

=SB0+ A, Bi=-8(B.)0—E, (7.7)
then we have
(Wal < T(Jeul |E|La, + |81 QIM|a,)
ol ST(A =1 [B] + [IS]la, 1E].4,)

where

1 _ _
| | SCWHM Ha, QUSHa, + QUM ™4,

1
5] < (mHSHAp + 1) 1E]4, -
The estimates for W come from the fact that the components of W satisfy the
difference equations in (6.6). Thus we obtain the following estimates, where the
key point is that we can bound the norm of W by some other norm of F, times
some quantities that are bounded provided that K remains in a sufficiently small
neighborhood of the initial guess. Of course, the norms for W and the norms
for F are in different spaces. In the analytic case, we lose some domain and
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the constants include a factor which is a power of the domain loss. From (6.6),
Lemma 18 and Lemma 19, we finally obtain:

C _
[Walla, < T =1] (IE 14, + 1Dy full ac 1M 4, o))

< C||FE
= ” ”.A/J (78)

1 }
[Walla,s < Co (1114, [Walla, + 1BlLa, + [ A1lla, o]
S C(S_THE”A/) ?

where €' stands for a constant that depends on ||DK|l4, T, |[N|la, [|[M] 4,
|M 1|4, and A. Similar computations for the case of Sobolev spaces yield

lo| < CT[E|mm
and
C
|Wallgm < 7——=(|| ||z
BRIk
+ An(IIK|s0) v IDufullem (L4 (1K [gm) |M 7 gt |o])
< C||E||gm (7.9)

1 -
[Wallzm—r < €= (IS [Wellin + | Ellm + | Asllzen |o])
< O”E”Hm >

where C' again depends on A. The result for |A| # 1 follows.

We conclude this section with estimates which are uniform in A\. These esti-
mates come from the fact that the solution of the first equation in (6.6) can be
estimated by using Lemma 19, providing uniform estimates in \ for the difference
equation (4.1).

These estimates are somewhat more subtle than in the previous case, because
to find B, we have to solve a difference equation (6.10) that has small divisors.
Note, in particular, that the equation for (B;)" has a right hand side which is not
small. We start by observing that we can still get easily

(Wal,lo| < O B4,

. 7.10
(Wal,|o| < C||El|lam - o

The reason for (7.10) is that the definition of ay, 4 in (7.7) only involves the
function BY in the real axis (or the C” norm). Hence, in the analytic case we can
take as domain loss p, which remains uniformly bounded. In the Sobolev case,
we see that the C° norm of (B,)? is bounded by the H™ norm of A provided that
m > n/2+ 7. Furthermore, we see that we can bound ||(B,)°[|co < C||E|| 4,
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Like in the case for A # 1, we can obtain estimates for W as follows (see (4.9)):
1 _
Walla, s < COT—(IElla, + 1 DufillaclM 4, o)

1
< CIT|Elly,
’f i (7.11)
Wil as < €O~ (IS la, s IWall s + IElLa, + 1A lLa, lo])

1
< C5 || Blla, |

where C' denotes a constant that is independent of A. This is the only place
where we use this assumption in the linear study. This assumption will play
a very important role later in the nonlinear estimates (see (7.5) in Lemma 38,
which is slightly stronger). Similarly, for the case of the Sobolev space we obtain:

1 _
[Wallzn—e < O (1Bl + An(IKlloo) 1Dy fullem (14 1K ) [ 17001
< CE] s (7.12)

1 -
IWallgmze < C5 (ISl Wallsm—r + [ Bllm + 1| At o]
< ClIE] s - =

7.3. Estimates for the convergence of the iterative step. In the present
section we state and prove Lemma 41 which provides estimates for Algorithm 32.
The estimates in Lemma 41 allow to apply an abstract implicit function theorem
(see Theorem 46 later), which establishes the convergence of the iterative scheme
(or some modification involving smoothing) and the bounds for the solutions
claimed in Theorem 20. Note that in the analytic case, we will also present
a self-contained proof that does not require to use an abstract theorem. In
the language of [68], Lemma 41 shows that the process we have presented in
Algorithm 32 describes an approximate inverse of the derivative of the functional
given by the invariance equation.

We have already shown (Lemma 39) that an application of Algorithm 32 pro-
vides a step that makes the correction bounded (in a less smooth norm) by the
original error. Now, let us restate the result in Lemma 39 using a convenient op-
erator notation. Following [68, 47, 15], we describe Algorithm 32 by introducing
a linear operator 0K, u], depending on the approximate solution (K, x). In this
context, the operator n produces the correction (A, o) from the error functional
& = &K, p], where

EK,pl=fioK—KoT, . (7.13)

The procedure is completely specified in Algorithm 32. We will denote this
process by

(A’U) = —U[K, :U’]E )
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where A = —(n[K, p|E)1, 0 = —(n[K, p]E)a; note that A, o depend linearly
on .

Remark 40. We note that Lemma 39 provides linear estimates in the error
EK, p] for the operatorn, both in analytic and Sobolev spaces. One can also verify
that Algorithm 32 is defined for all (K, p) in an open ball in the corresponding
spaces. Therefore, we have the following result.

A) Analytic case: under the hypotheses of Lemma 39 A), the linear operator
n: A, = A, is defined for every (K, p) in the unit ball in A, centered
at (Ko, pto), and satisfies

1 —LT
IlE, 1w Ela,0s < C 50 TIE N4, -

B) Sobolev case: under the hypotheses of Lemma 39 B), the linear operator
n: H™ — H™ " is defined for every (K, i) in the unit ball in H™ centered
at (Ko, pto), and satisfies

1
9K, 1) g-se < €= 1B

The constants ¢ and C behave as in Lemma 39, i.e. £ = 2 in the uniform case,

while £ =1 if A # 1 and C depends also on .

It is well known in Nash—Moser theory that the convergence of the iterative step
(or some small modification as in [53]) is achieved by implementing a quadratic
iterative scheme. In the context of our problem, the quadratic estimates on the
step amount to proving that, in a space of less regular functions, the norm of the
quantity

DEA+DE o+ E (7.14)
is proportional to the square of the norm of the error E. The quadratic estimates
will come from a simple computation on the norm of (7.14) and from applying
the estimates in Lemma 36, Lemma 39.

Lemma 41. Let n[K,pu| be the linear operator produced by an application of
Algorithm 32.
Assume that

Cv ' Bl <1 or Cv Y E|gn <1,

so that the conclusions of Lemma 36 hold. Then, under the assumptions of
Lemma 39 A) and B), we have the following quadratic estimates.

A) Analytic case:
I
| DE[K, A + DUEIR, o + Blla, s < C— 67 TV,
B) Sobolev case (forr > m+1, m >n/2 +(7):

1B Fm -

|DEIK, u)A+ D,EIK, plo + El|gm-er < C o)
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The constants ¢ and C behave as in Lemma 39.

Proof. Using the definition of E[K, u] in (7.13), M in (3.13), R in (3.14) and
adding and subtracting, one can verify the following identity.

DEA+ D, 0+ E=DEA+ D,Eoc — RM 'A+RM 'A+E
=(Df,oK—RM YA —-AoT,+D,f,oKo

+E+RM™'A

) 0 S0) )

_<Mbﬂu(0 Md)mi)A—AoﬂﬂJ%ﬁoKa
+ E+RM'A

= RM A, (7.15)

where we have used (3.20) and the fact that the operator 7 is obtained following
algorithm 32 to solve equation (6.5).

To obtain the result, we estimate the right hand side of the last equality in
(7.15) by using Lemma 38 and the estimates in Remark 40. O

7.4. Estimates for the error of the improved solution. A natural conse-
quence of the quadratic estimates in Lemma 41 above and the linear estimates in
Lemma 39 is the following estimate of the error of the improved solution, which
follows from Taylor’s theorem applied to the functional given by the invariance
equations.

We present the proof which is just a direct application of Lemma 17. This will
allow us to give a self-contained proof in the analytic case. The main subtlety
to keep in mind is that, since the estimates for the increment blow up if 6 — the
loss of domain — goes to zero, we cannot ensure that the range of K + A is in
the domain of f,, so that the new error makes sense. Hence, in the direct proof,
if one fixes the rate of domain losses, one has to ensure that the error decreases
fast enough, so that the composition f, o (K + A) makes sense (in the abstract
theorem, this corresponds to the choices of smoothing steps to ensure that we
never leave a neighborhood).

Lemma 42. Let n[K, u| be as in Lemma 41 and denote
A =—K,plE) and o = =(n[K, plE)s .
Assume that C and A are as in H4 of Theorem 20 and let > 0 be such that
dist(p0,0N) = ¢
dist(K(T}),0C) > (.
Furthermore, assume that
Cv 6 B4 <¢ or CvYE|lgm <, (7.16)
and that C is small enough, so that the estimates of Lemma 41 hold.
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Then, we obtain the following composition estimates for r > m + 2, m >
n/2 4 (r:

A) Analytic case:

1 —20T
IEIE + A n+0]lla, s < C 50 BN, -

p—L6 —

B) Sobolev case:

1
IEWE + A, po+ o]l gm-er < C 55 |E||Fm -
The constants ¢ and C behave as in Lemma 39.

Proof. The proof of the composition estimates follows from Taylor’s theorem and
from the estimates in Lemma 41. Define the remainder of the Taylor expansion
as

RIK, p), (K1) = E[K' 1] = EIK, p] — DE[K, p](K' = K)
—DEK, 1 (1’ — ).

We notice that (7.16) guarantees that |o| < ¢ and
A4, s < ¢ o [|A]lgm—tr <.
In particular, K + A € C and p+ o € A. So one has:
EK+A p+o0|=FE+DEK, A+ D,EIK, plo+ R[(K,pn), K+ A, p+0)].

The first three terms of the above expansion are estimated in Lemma 41. The
remainder is estimated as follows. In the analytic setting we have:

1 —LiT
IRILa, o < CUIAIR,, +10) < [(C= 67 By, )? + (CIEILL,?]

so that
1 — 20T
IEWE + A pp+0llla, s < Cgg 0 BN, -

In the Sobolev setting we have:
1
[Rllsn-tr < CUAee +10) < [(C 1Bl sre)? + (CIE] 0]
so that

1
IE[K + A, i+ 0| gm-er < C— |E||5m - O
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7.5. An abstract implicit function theorem. Conclusion of the proof
of Theorem 20. To conclude the proof of Theorem 20, we can just apply the
abstract implicit function theorem that we state below for completeness (see
Theorem 46). We follow the formulation of Theorem A.6 in the Appendix of
[15] with some modifications presented later. The theorem holds for an arbitrary
scale of Banach spaces for which smoothing operators are available. The proof is
done by combining the Newton’s step, which looses derivatives, with smoothing
that restores them. The procedure converges if the order of the Banach spaces
is bounded. The main hypothesis is that the initial guess satisfies the equation
very approximately as well as some other explicit non—degeneracy conditions.

For the sake of making the paper more self-contained, we also present an
explicit proof of the analytic case of Theorem 20 in Section 7.6.
We consider a one-parameter family of Banach spaces X7 in the interval 0 < r’ <
T < 00,

X0D A" DA D™

and with norms satisfying

gller < llgll2-

forallge X" and 0 <1’ <.
In a scale of Banach spaces we define smoothing operators as follows.

Definition 43. Given a scale of Banach spaces { X"}, we say that {S;}ier+ is a
family of smoothing operators when
1) limy oo [[(S: — Id)ul[x0 =0,
i) [|Spullxm < Ct"lullxe,  for all 0 <€ <m and for all u € X*
i) [|(Id —=Sy)ullxe < CET O ullxm ,  for all 0 < € < m and for all u €
xm.

In our case the scales of Banach Spaces will be either spaces of analytic functions
or Sobolev spaces. Smoothing operators in Sobolev spaces are standard in func-
tional analysis (see for example [65], [15], [54]). In the case of analytic functions
the smoothing is obtained by rescaling the size of the strip on which the analytic
functions are defined.

As pointed out in [68], one important consequence of the existence of smoothing
operators is the validity of interpolation inequalities.

Proposition 44. Let f € X*; forr <s, 0 <0 <1, we have
1f [Leorsa-ore < Ol 1F 1150 (7.17)

The proof in [68] is very elementary. It suffices to observe that, for all ¢ > 0 we
have f = S;f + (Id —S;) f, so that we obtain the bound:

[ llanston < 15efllzoreton + 10 —S0) Fllzorscon
< Ct9r+(179)sszf”Xs + Ot (r=(0r+(1-0)s)) 1f |, -
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Computing the minimum of the function in ¢ at the right hand side, provides the
interpolation inequality (7.17).

Remark 45. Of course, for concrete examples of spaces, the interpolation in-
equalities were done much earlier and by different methods. For analytic func-
tions, (7.17) is given by Hadamard’s three circles theorem, while for finite differ-
entiable functions or Sobolev functions the result was obtained by other methods

(132], [44]).

To make the notation of the theorem more compatible with this paper, the
elements of the Banach spaces will have two components, which we denote as
(K, ). Later, we will also separate the components of the approximate inverse.
In an arbitrary scale of Banach spaces with smoothing we have the following
result.

Theorem 46. Let « > 0 and p > a and let X? forp —a < q¢ < p+ 13« be a
scale of Banach spaces with smoothing operators. Let B, be the unit ball in X1,
B, = (Ko, i) + B, the unit ball translated by (Ko, po) € X7 and let B(X?, X9~*)
be the space of bounded linear operators from X9 to X9=*. Consider the functional
£ = &K, p) with £: B, — X9 and let n = n[K, p], with n: B, — B(X9, X97).
Consider a pair (K, p) € l’;’q and denote by E the function obtained by evaluating
the functional £ at (K, u), i.e. E = E[(K,p)], and by A = —(n[(K, p)]E)1,
o =—(n[K,p|E)s. Furthermore, we assume:

i) E(B,N X)) C X forp—a<q<p+13a;
ii) €|z, nxa BqﬂXq — X7 has two continuous Fréchet derivatives for p—a <
qg<p+13a; .
i11) (A, 0)||xa—o < C||E||xe, (K, p) € By, forq=p—a,p+ 13c;

iv) (quadratic estimates)
IDEIK, t)A + DuEK, plo + El|xo-o < CIE|%s

where (K, 1) € By;
0) 1B Larssse < C(1+ (K, )| wsise), (K, ) € Bypsa
Then, if we can find (Ko, po) € Bpiiza such that || Eol|xr—o is sufficiently small
(where Ey = E[Ko, 1o]), there exists (K¢, p.) € XP, such that E[K, p.] = 0.
Moreover,
I(K. = Koo e — o) L0 < Ol ol (7.18)

Remark 47. Note that, even if we are referring everything to the unit ball of
the spaces for convenience, we could be using any ball. It suffices to redefine the
norms multiplying them by a constant. Of course, in such a case, the smallness
conditions in the end could depend on the size of the balls.

Remark 48. Note that (7.18) provides bounds on a smoother space from bounds
in a rougher space. This is not paradozical, because we are assuming that (Ko, o)

is in Bpi1sa. Given the assumption v), this implies that ||Eollx,, s, is bounded.
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Hence, by the interpolation inequalities (7.17) we obtain that the smallness as-
sumption on ||Eo| x,_., implies the smallness assumption on || Ey|x,, p—a < s <
p+ 13a.

Remark 49. The proof of Theorem 46 is very similar to that in Appendiz A
in [15], but since we performed some modifications we prefer to insert the whole
proof for completeness. In particular, the parameters defining the scales of Banach
spaces have been improved (p+ 13« in this paper and p+ 17« in [15]); moreover,
in assumption v) the norms are computed in the same space, while in [15] they
were computed in different spaces. These different composition estimates in v)
are due to the fact that the operator £ does not lose regularity under composition
in our case, while this loss of reqularity was allowed in [15]. Since the operator
does not lose derivatives and since we are always working on bounded sets, the
hypothesis v) becomes just that the operator is bounded.

Proof. The proof relies on an iterative procedure combining the ideas of [61],
68]. Given (K, u) € XPT13% and F = E[K, p] with the property that || E||yr-a is
sufficiently small compared with the other properties of the function, the iterative
procedure constructs (K, i) such that E[K,, ] = 0.

Let Kk > 1, 3,7,6 > 0,0 < 1 < 1 be real numbers which will be specified later.
We construct a sequence {(K,,, in)}n>0 by defining

(KnJrlnunJrl) = (Kna ,Un) - Stnn[Kna ,Un]En )

where ¢, = e%". By induction we prove that the following properties and in-
equalities are satisfied:

(pLin) (K, pn) — (Ko, o)) € By
(P2;n) || Enllap-o < e 70"
(p3;1) 14 ||(Kn, fin) || xpt13a < thed@Br"

Suppose that conditions (pl;7), (p2;7), and (p3;7) are true for j < n. We
start by proving (pl;n). First, we notice that (p2;n — 1), assumption 4ii) and
assumption i) of Definition 43 imply that

| (K ptn) = (K1, 1) |xe = (1S4, 1K1, pn—1] En1 || xe
S Ce2aﬁn"*1 Hn[anla ,unfl]Enfl HXP—QO‘
< C¢€aﬂnn_1(2—7) )

Then if v > 2, {(K,, un)} C XP converges to some (K, u) € XP. In order to
prove (pl;n), we remark that, using s/ < j(k — 1), we obtain

H(Kna ,un) - (Ko, ,LLO)”XP S Cw Z eaﬁ’ij@*’Y)

j=1
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< O Z P (k=1)(2—) (7.19)

(0B (—1)(27)
1 — coBle-1)2—)

which shows that ||(K,, itn) — (Ko, to)||a» < C9 for v > 2 and [ large enough.
In order to prove (p2;n), we add and subtract the terms E,_1,
DE[ n—1; Hn— 1]77[Kn 15 Mn— 1]En 1, and
DE[K 1, pn-1][St, N[ Kn—1, pin—1] En—1]1-+
D 5[ n—1, Hn— 1][Stn 177[ n— 17,un71]En71]2 to En
Here A; = —(n[K, p|E;j)1, 05 = —(n[K, p] E;)2. Next we collect the terms in three
groups to obtain

| Enllar-o < [|Ep — Ens
+ DE[Kp—1, ptn-1][St, \N[EKn—1, pin—1]Ep—1]1
Kooty pn—1][St, [ K1, 1] By a-a
K, pty1]An—1 + DyE[K 1, pin-1]0n-1 + Ep_1]| xp-a
K1, o] [(Id =S, )n[Kn—1, ptn—1]Ep—11
K1, o] [(Id =Sy, )In[Kn—1, prn-1] Epilo|| xp—a . (7.20)

We estimate the ﬁrst term in (7.20) using assumption i) and the formula for
the quadratic remainder of Taylor’s expansion:

HE En 1 +D5[ n—1y Hn— 1][Stn 177[ n—1; Hn— 1]En71]1
+D 5[ n—1; bn— 1][Stn 17][ n—1, Un— 1]En—1]2||XP—a
< Cw2€2aﬁn L(2—7) )

<y

Concerning the second term of (7.20), using assumption iv) we obtain
|DEIK, pin-1]An—1 + DuE[Kp 1, ptn-1]0n-1 + Ep_i|lxr-o < C||E,- 3 -
We estimate || E,_1||> by using the interpolation inequality, assumption v) and

the induction hypotheses (p2;n — 1) and (p3;n — 1):

1Ea e < ClEw A2 B ¥rtise

< OB |28 (U4 [[(K1, i) om0 )2/ M
< CyReotn T R

Concerning the third term of (7.20), we use the properties of the smoothing
operators and the fact that the Fréchet derivative, (D&, D,£), is bounded:

| DEK 15 ptn—1][(Ad =S, )n[ K1, 1] Epi]a
+D 5[ n—1, bn— 1][(1(1 _Stnfl)n[Kn—laﬂn—l]En—1]2||XP—a
< Cl(Ad =5y, )n[Kn—1, pn—1]En-12»
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S 06_1204557171 ||n[Kn—17 ,un—l]En—l ||p+12a
< Ceiuaﬁﬁn_l ”Enfl HXp+13a
< Ce™ P (14 || (K, fin1) | arsse)
< Cweaﬁlin_l(5712) )

Finally, the desired inequality (p2;n) is satisfied whenever

26

C(¢262aﬁn"‘1(2*v) + ¢2eaﬁn"‘l(%* 1) Qﬁeaﬁfw‘l(&l?)) < e "

or equivalently

26~

C(wefaﬁﬁ”‘l@(vf?)*w) + wefaﬁﬁn‘l(*%Jr 17 R | e*aﬁﬁ”‘l(l%J*W)) <1.(7.21)

Condition (7.21) is satisfied for [ sufficiently large, ¢ sufficiently small and pro-
vided that

v(2—k) >4
(26 — 14) > 26 (7.22)
12 —vk >0 .

This concludes the proof of (p2;n). To prove (p3;n), we start by remarking that
n—1
L ([ (Ko ) [l aemerse < 10> S nlKG, 5] Bl s ise
=0
n—1 ,
<140 e |In[K;, i) Bl e
=0
n—1 _
<140 || Ej| oo
=0
n—1 _
<1+CY e (L [|(E5, 1) | arse)
=0
n—1 )
<14+ Cw Zeaﬁ(lJﬂS)nJ :
=0
so that one obtains
n—1
(14 [[(Kn, pn) [ avprsa ) e 70008 < 000" Cryp Y =P/ (407m0) 0 (7.93)
=0
To have (p3;n) it suffices that the right hand side of (7.23) is less than 1. There-
fore, if 0 > —, the right hand side of (7.23) will be less than 1 for sufficiently
large 3. If we consider k = 4/3, v = 61/10 and § = 7/2, then (7.22) and 6 > —=



6
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are satisfied simultaneously. To complete the induction, we fix § large enough so
that (7.23) and (7.21) are satisfied.

Finally, with our choices of 3 and v, we fix ¢ to be 1) = || E|| x»-«e*?7, which,
together with (7.19), leads to the estimate

eaﬁ(nfl)@*’Y)
[(Ke — Ko, pte — pio)]|xr < Cwl — eaB(r=1)(

=5 < Crnpal Ellare

which completes the proof. 0

7.5.1. Choices of spaces and parameters. We apply Theorem 46 to prove the finite
differentiable version of Theorem 20. In order to apply the theorem, we need to
make appropriate choices of the parameter p, of the loss of differentiability «, and
of the scales of Banach spaces X7 for p—a < ¢ < p+ 13a. In our case we choose
the scale of Banach spaces to be the Sobolev space H? for the function K times
the space A C R" for the parameter p, i.e. X9 = H? x A with the product norm.
We remark that smoothing operators for the spaces H? are readily available, see
(65, 15].

Our choice of p and « depends on the estimates on the increment of the step
and the estimates on the approximate reducibility in Section 7. According to
Lemma 36 and 39 we choose the Sobolev exponent p = m with m > % + {7 and
the loss of differentiability o = ¢7. This allows us to use the estimates in Remark
40 to justify dii) in Theorem 46. Moreover, item i) of the abstract theorem
requires that the functional

EK,pl=fioK—-—KoT,,

defined in H? for m — {7 < ¢ < m+ 13¢7, has two continuous Fréchet derivatives.
The estimates in [45, 4] on composition operators guarantee that if the function
f,, has two continuous derivatives more than the highest Sobolev exponent, then
the composition operator f, o K € H M must have at least two continuous
Fréchet derivatives. Therefore, f,, should be in the space C" for r > m+13(7 +2.

7.6. End of the proof of the results of Theorem 20 for analytic regular-
ity. In this section we present a proof of the convergence of the iterative step in
analytic spaces. We start by remarking that the convergence statement follows
from the abstract Theorem 46. Nevertheless, since the proof is fairly simple, we
think it is worthwhile to present a self-contained proof, which is very similar
to that in [68] (see for instance the qualitative estimates in [69]); a pedagogical
exposition can be found in [22]. We point out that this proof is based on the
technique of “analytic smoothing”, which is the oldest technique in KAM theory,
going back to Kolmogorov [42]. One constructs increasingly approximate solu-
tions in smaller analyticity domains, but the loss of domain slows down so that
we end up with a positive radius of analyticity.
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Remark 50. For the experts in KAM theorem, we recall that the papers [52, 51]
introduced the technique of double smoothing perfected in [69] which allows to
obtain finite differentiability results from the analytic ones.

The main observation of the method is that C*+ spaces can be characterized by
the speed of approximation of analytic functions defined on decreasing domains.

Then, starting in a C" problem, one can smooth it and and obtain a sequence of
analytic problems, which yield a sequence of analytic solutions. The reqularity of
the problem translates into a fast convergence of the sequence of problems, which
in turn yields the speed of convergence of the solutions using the a-posteriori
format of the theorem. Therefore we obtain the smoothness of the solutions of
the final problem.

As it is shown in [52, 51, 69|, the double smoothing method yields better dif-
ferentiability results, than the one—step smoothing which is the basis of results
such as Theorem 46. Nevertheless, we remark that for our purposes a double
smoothing is not so useful for the following reasons.

(1) Since we rely on geometric identities, we would need that also the smoothed
problems preserve the geometric properties. It is not so straightforward to
show that a smooth diffeomorphism can be approzimated by analytic diffeo-
morphisms, which also preserve the same geometric structure and satisfy
quantitative bounds (in the symplectic, volume preserving contact case this
is done in [31]. It seems that one can adapt the methods of [31] to the
present case, but the quantitative statements are not so straightforward).

(2) We are interested in presenting results in Sobolev norms rather than C*+
norms, because Sobolev norms are much easier to compute numerically.
Then, Sobolev spaces are not easy to characterize using approximations
by analytic functions.

We are now able to present the estimates for the iterative step in the analytic
space A,. Precisely, we compute estimates for the increment and estimates for the
new reminder (provided the composition of the correction can be well defined).
To simplify the typography, we use the index h € Z to denote the steps of the
iteration and we will use subindices to indicate the quantities after h steps. We
start by making the choice of domain losses. A convenient choice is

_ Po
h = 9nt1
and
Ph+1 = pn — O

for h > 0. Note that p, > £ for h > 1. Define

€h = ||5(Khyﬂh)||Aph
and let
dn = |Anll 4, s vn = [|DAL|4,,,  sn=|ow| -
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Remark 51. By Lemma 39 we have the following inequalities:
dy, < (?huaé;a €n
v < 6’;11/“5;0‘_1 En
sn < Chen

where éh are explicit constants depending in a polynomial manner on ||Mh||Aph,
HMh_lﬂAph, Nl 4, and Ty, with a = =2, a =27 or C,, depending on the above
and also on \ with a = —1, a = 7.

Remark 52. In the following we will denote by C' a constant depending on v, T,
n, ¢, Po; |J71|B<J and that is a polynomial in ||M0||Ap07 ||M(J_1||Ap07 ||NO||-A,007 7.

We will denote as Cj, the maximum of the constants éh and of the constants C,
introduced in the Taylor estimate of Lemma 42 as

Eh+1 < ChV2a5}:2a€i .

We assume that C' s large enough, for instance C' > 2Cy. In the proof, we will
giwe smallness conditions, so that Cj, < C' for every h > 0. Since we look for
a solution (K., pie) which is near to (Ko, o), it is natural to expect (as shown
later) that the quantities || M| 4,, , ||Mh_1||-/4ph’ | Null.a,, and T, will be close to

HMOHAPO, |]M0’1HAPO, HNOHApo and Ty, respectively.

We prove by induction that for all integers A > 0 the following properties hold:

(pl; h)
1K — Kolla,, <kreo<(
lftn — o] < Kyueo < ¢

with
k= Cvipy® 2% ko, Ky =20k ; (7.24)
(p2; h)
2h
en < (Kogo)
with
Ko = CVQapaZ:v 24a :

(p3;h) Cp < C.

Note that (p1;0), (p2;0) and (p3;0) are trivial. Assume that (pl;h) is true for
h=1,...,H. Then, by Lemma 42 we obtain the Taylor estimate

en = 1E(Kn-1 + Apv, pinr + on1)l|a,, < CV*6 206, (7.25)

where C}_1, a, a are as in Remark 51 and 52. Without loss of generality we can
assume C' > 1, po < 1. We have:

En S CVQapaQQ 220&6271

< (CVQapaQQ 2201) 22a(h71) (Cy2apa2a 22a 22a(h72) 6}21_2)2
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< (CVQapaQQ 22a)1+2+...+2h*1 22a((h71)+2(h72)+...+2h*2) Egh .

Using that 1 +2+ ...+ 2"t =2 — 1 (h—1)+2(h —2) +... + 22 =
2h1 Z?;lle_j = 2" — (h + 1), one obtains:
ep < (Cy2ap62a 2204)2}‘71 22&(2h7(h+1)) ggh
< (CvPapgle Qrag2a EO)Qh
forh=1,..., H.

Let us now prove (pl; H+1), (p2; H+1) and (p3; H+1). We assume the induction
assumption (pl;h), (p2; h), (p3;h) and that
[ Nalla,, < 2[Nolla,,

| Ml.a,, <2[[Mola,,
My, < 20M5 |4,

1, < 27,
forh=0,...,H.
First, we prove (pl; H + 1) as follows. Using j + 1 < 27, we have:
H H o
[Kr1 — Kolla,,, , < D _dj < ) (Cj'6;%;)
=0 =0
H . .
< O Y )
=0

< Cvpy® 2°* koeo
assuming that g is sufficiently small, e.g. 2 kg < % In conclusion,

[ Key1 — KOHA,JHJr1 < Kk€o

with kg as in (7.24). Moreover, we have:

|1 — ol <

| /\

5060 ;

20
i

assuming that ¢y is sufficiently small, e.g. kpgo < 1 3, we conclude:
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We take gy small enough so that ke < ¢ and 2C kogg < (. Since (pl; H + 1) is
true, we use Taylor estimate (7.25) with H + 1 in place of h to obtain (p2; H +1).
In order to prove (p3; H + 1) we need other hypotheses that are easier, but more
tedious to verify:

INy = Nolla,, < ClIDEy, — DKol a,,

1My, — Mol a,, < CI|DKy, — DKol a,,

1Mt = My, < C|DE, — DKy|a,,
7, — 75| < C||DK), — DKo|la,,

where C is a uniform constant. The above inequalities come from the fact that
N, M, M~ and 7T are algebraic expressions of DK, Df, and D, f,. We remark
that the inverses can be computed using Neumann series. Then, we just note
that

H H
HDKH+1 — DKOHAPH+1 < Z’Uj < Z le/aéjiailé'j

< Cyapaa712a+l Z 9(at1)j (ﬁ0€0)2j
=0
< C’Vapgo‘_12a+2 KoEg -
Indeed, we have bounded the sum in the second inequality as well as the last
expression by taking gy sufficiently small, e.g. 2 kpgo < % Again, if we take
501/%50‘*12‘1*2 Kogo small enough, we are able to verify (p3; H + 1), since C'y
is an algebraic expression of | Mgl|4,, , |My'||4,,, | Nella,, and Tg.

8. PROOF OF THEOREM 28 AND COROLLARY 29

In this section we prove the uniqueness result of Theorem 28 and Corollary 29.
We present in detail the Sobolev case, which, of course, implies the analytic case.
We also present the analytic case directly.
Remember that we have:

fMl OK1 :ffvlojﬂW

fun 0 Ky =Ky0T, . (8.1)
We denote by
R=fu,o0Ky— fu, 0K — Df,, 0o Ki(Ky— K1) — Dyfo, 0 Ki(pig — 1) . (8.2)

We anticipate that, because of Taylor’s theorem, R is quadratic in Ko — K,
te — 1. We also note that, using the reducibility as in Section 3.1, for some
specific M obtained using K7 in (3.13), we have:

Df,, o Ki(0)M(0) = M(6 + w)B(6) , (8.3)
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Id 5(0)

where B(Q):( 0 A\d

). As before, we introduce the notation

Ka(0) — K, (0) = M(O)W(0) , (8.4)

where M is the matrix constructed in (3.13) corresponding to the solution K7,
namely M(0)=[DK.(0)|J oK (¢0) DE(0)N:(0)], N1(0) = (DKl(e)TDKl(e))_l-
Subtracting the identities (8.1), and using (8.2), (8.3), (8.4), we obtain

0= fu, 0Ky~ KyoT, — fu, 0 K1+ K0T,
= Dfyy 0 Ki(Kz — K1) + Dyfy, 0 Kipz — i) + R — (Kz — K1) o T,
= M0+ ) [BOW(E) + M0+ 0)Dyfyn 0 Kal — ) ~ W0+ ) )
+M‘1(0+w)}ﬂ .

We emphasize that (8.5) is an identity satisfied by the difference between the two
solutions and by the related quantities we have introduced. Since M (0 + w) is
invertible we have the following identity

BOW(0) ~ WO +w) + M0+ ) Dy, 0 Kilpta — )

- . (8.6)
+ M0+ w)R(H) =0.

The proof of Theorem 28 will be obtained by observing that (8.6) implies esti-
mates for W and for |p; — pio| in terms of R (note that (8.6) is very similar to the
equations we had studied in the Newton’s procedure) and that Taylor’s theorem
implies estimates for R in terms of W and p; — po. Then, putting together the
two estimates, we will obtain that max(||W ||, |1 —pa]) < Cmax(||W |, |p1 —pal)?.
One small wrinkle is that the norms in both sides are different, but, as we will
show, one can use interpolation inequalities to take care of that.

8.1. Some estimates. The importance of (5.3) is that applying Lemma 19 to
(8.6) we obtain the following estimates on the function W and on |ug — 1| (recall
that in order to obtain estimates on W we use that W; has zero average.)

Note that we are not using the full strength of Lemma 19, which asserts the
existence of solutions. In our case, we know that W exists and that it satisfies
some equation. Lemma 19 gives us estimates for the solution.

To simplify the typography, we introduce M, = max(||M||gm, 1),
M_ = max(||M~||gm, 1) and we obtain for m > n/2 + (7:

1 -
Wl gm—er < CMM_—||R| gm

12 — 1] < CM M| R

where ¢ = 1 if we allow that the constants depend on A with |[A| # 1 and ¢ = 2 if
we allow the constants to be independent on A.



‘,;

CRM Preprint Series number 1076

KAM THEORY FOR CONFORMALLY SYMPLECTIC SYSTEMS 59

Using Taylor’s Theorem for the composition with Sobolev spaces, recalling
(8.4) and the definition of M., we obtain an estimate for the function R:

~ 1
| Bllzneer < S1DuDtg fillim MEAW [ + 2 = ) (8.8)
8.2. Interpolation and end of the proof of Theorem 28. Putting together
(8.7) and (8.8), we obtain:
max([[W | ggm-er, [ = pa) <
CID, Dt ol MM wmasx([W [ i — pal)? . (8.9)
Using the well known interpolation inequalities (see e.g. [65, 15])
1/2 1/2
IW < CIW | g2eec W e
where C'is a constant depending on m and n, we transform (8.9) into
max([|W || gm-er, [p1 — pof) <
CIUDD (g il v ME M (W [ secser, 13 — pal) max (| W | e, |1 — i)
(C' depending on m, n), so that W = 0, namely K; = Ky and py = po if (5.5) is
satisfied.

8.3. The analytic case. The analytic case of Theorem 28 is implied by the
previous one. Nevertheless, it is instructive to give just the minor changes needed
for a direct proof. Note that the analytic case has a free parameter §. Proceeding
as before, and using the notation My = max(|[M*!||4,,1), applying the analytic
version of Lemma 19 we obtain

1, -
IWla, o < MM — 57| RlLs,

o — | < OMyM_||R||4,

with ¢ = 1 if we allow that constants to depend on A with |[A| # 1 and £ = 2 if we
allow the constants to be independent on A. The only difference in the argument
is that rather than using the interpolation of Sobolev norms, we use Hadamard’s
three circle theorem [3], which gives

1/2 1/2
IWla, < CIWILE WL, -
Using (5.6) one obtains K; = Ky and 1 = .
8.4. Proof of Corollary 29.

Proof. To prove Corollary 29 we first note that thanks to Theorem 28, the solu-
tions are unique in the neighborhood we are considering. We know that

Jusp 0 Ky = Ky oT,
and for ¢’ # ¢ we consider the function e defined as
€Ifu¢7¢/OK¢>_K¢OTw .



CRM Preprint Series number 1076

60 R. CALLEJA, A. CELLETTI, AND R. DE LA LLAVE

Then, we have that for ¢ in a metric space (), d) and for X being A, or H™~ 7,
due to (5.7):

lela =l fugr © Ko = Ko 0 T = fupo 0 Ko + Ko 0 Tllx < Ap d(¢,¢') -
Therefore if d(¢, ¢') is small enough, there exist (K, jter) such that

f,u,¢/,¢>/ @) K¢>/ = K(z)/ @) Tw
and

1Ky = Kot lla, s < CAv™'677 d(6, ¢)
e — pigr| < CAL d(,¢)
with ¢ = 2 in the uniform case and ¢ = 1 if C' depends on A\ with [A| # 1,
1Ky — Ky llam < CAp d(6,¢)
g — ngr| < CAL d(¢, )

which is the desired Lipschitz property with Lipschitz constant A;, = C'A;. This
concludes the Proof of Corollary 29. U

9. FURTHER CONSEQUENCES OF THE a-posteriori FORMALISM

The convergence of Theorem 20 in analytic and Sobolev spaces is justified by an
abstract Nash—Moser implicit function theorem. An a—posteriori version of such
theorem and its proof in scales of Banach spaces are presented in the Appendix
A of [15]. As pointed out in [15], the fact that we have an a—posteriori theorem
leads to the two following consequences.

(1) The solutions of the invariance equation, associated to analytic maps,
which are Sobolev solutions of high enough order, are also analytic.

(2) A parameter value ¢y of a map is on the boundary of the parameters with
quasi—periodic attractors if and only if a Sobolev norm of high enough
order of the conjugacy of quasi—periodic attractors for nearby parameters
¢ blows up as ¢ approaches ¢.

The key to both results is the a—posteriori format of Theorem 20 that shows that
given an approximate solution (either in an analytic or in a Sobolev sense) that
satisfies appropriate non—degeneracy conditions, then there is a locally unique
solution in the same spaces.

9.1. Bootstrap of regularity. The result on the bootstrap of regularity is ob-
tained by observing that if the Sobolev regularity of a solution is high enough,
then a truncation will be an approximate solution in the analytic sense. Indeed,
the analytic a—posteriori theorem shows that there is an analytic solution close to
the truncated solution. Finally, the local uniqueness result in Sobolev spaces (see
Theorem 28), together with the fact that the Sobolev regularity is high enough,
shows that the original and analytic solutions agree. The bootstrap of regularity
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proof for Sobolev spaces in the context of twist maps is given in [15] (for a full
proof for twist maps in C™ spaces see [31]). In the case of conformally symplectic
maps we obtain the following result.

Theorem 53. Assume that the hypotheses of Theorem 20 hold and that the map
fu is a real analytic map. Let Ky € HP for p > 5 + 207, and p, € A solve

fuo Ks— K0T, =0.

Then, there exists an p > 0 such that Ky € A,. The constant € is 1 if we assume
that |\| # 1 and ¢ = 2 if we assume that \ belongs to an interval containing 1.

Proof. We start with K, € H?, p > 5+2{1 and j5 € A a solution of the invariance
equation, i.e. £(Kjy, us) = 0, obtained by applying Theorem 20.

We consider an approximation to the solution K obtained by truncating the
Fourier series at the L-th Fourier mode, K=F(f) = Do k<r Kpe?™™ % From the

definition of K=, we obtain the following estimates in the C° and C"* norms for
every L sufficiently large:

|K, — KSE||go < CL P2 | | Ky— KSF||gn < OL7PT2FL (9.1)

Later, we will use these estimates to guarantee that the function K< satisfies
the non-degeneracy conditions, the twist condition H3, and the assumption H4
on the domain of f, whenever L is large enough. This is due to the fact that the
pair (K, ;) satisfies these conditions in the Sobolev space HP.

To obtain an estimate in the A,, norm, for some p;, > 0, we will consider an

a > 1 so that if p;, = %102%;1, we have that
1K= 4, < (@9)5 Y7 1K < all Kol - (9-2)

|k|<L

Indeed, using the estimates in (9.1) and (9.2), we obtain estimates for the invari-
ance equation in the space of analytic functions .A/’TL . From the C? estimate in

(9.1), we know that
IEGK=E, p)lew = I1E(K=E, ) — (K, ) e
< (fuller + DIK=E = Koo < CL7P*,
and we can use composition estimates to verify that

H‘C/’(KSL’,U«S)HAPL < ||fu||v4(HKs||Hp) + HKSLHApL'

Using the log—convexity of the supremum of the analytic functions (Hadamard
three circle theorem), we can interpolate the previous inequalities and obtain
estimates in APTL:

1E(E=", 1) l|a,, < CL™2E (9.3)

2
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The estimate in (9.3) is the last ingredient that we need to apply the analytic
case of Theorem 20 using K< and p, as an approximate solution and noticing

that if L is large enough then we have that Cv—2 (%)_%T |EK=E, )| a,, < 1.
The conclusion of Theorem 20 is that there exists a K, € A/’TL and p, € j\ such

that £(K., pe) = 0. Moreover, for 0 < § < £2& we obtain the following estimates
for K. and p:

1Ko = K<H||a,, , < Cvfo T L72%,
£ (9.4)
‘,Ue - MS‘ < CLing%'

We obtain estimates on the Sobolev norm of K=F — K, by using the smoothing

operators in Sobolev spaces defined in 43 and choosing the smoothing parameters
Bt €RY tobe f=§— 5 —frand t = (v||K7)":

IKSE — Kyl|gr < |50 (K=E = K)o + ||(Id = S)(K=E = K,) || go 0
< CHKS" = K|l s < Cy L 5titer, '

Notice that the last inequality is a consequence of the definition of the Sobolev
norm,

IK=E = Kl3ms = D (L4 kPP P K
|k|>L
S CL™ Y (L4 KPP < CL)|K
|k|>L
We remark that when L > 1, the first estimate in (9.4) implies that
|K, — KS5|| o < CytLm2titm (9.6)
Therefore, we combine (9.6) and (9.5) to obtain the inequality
IKe = Kl|ge < Cvm ‘L7001

This last estimate, together with the second estimate in (9.4), implies that for L
large enough the inequality (see Theorem 28)

CIDuDr oy fullgro—er v M2M_ max(|M (K, — K| mo, 1 — p1s]) < 1 (9.7)

should hold. By the uniqueness in H?, we have that K, = K,. In particular,
K, e .A/’TL. ]

9.2. Criterion for the breakdown of analyticity. The second consequence
of the a—posteriori formalism states a criterion for the breakdown of analyticity of
quasi—periodic attractors. The justification of the criterion is given by Theorem
20 together with local uniqueness, and by Theorem 53. Combining these results
we obtain the bootstrap of regularity on an open set of the parameters.
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Theorem 54. Let f, 4 be a family of analytic mappings, satisfying the hypotheses
of Theorem 20. We assume that for some ¢g > 0 the mapping fu¢0,¢>o has a Sobolev
regular quasi-periodic solution (K, j1s,) that satisfies the non-degeneracy as-
sumption (5.1). Then, if |¢ — ¢o| is small enough depending on the size of the
Sobolev norm of Ky, and on |ug,|, then fu, 4 has an analytic solution, which is
locally unique.

We use Theorem 54 to construct and to justify the correctness of numerically
accessible algorithms to estimate the breakdown of analyticity. A prototype al-
gorithm to estimate the breakdown is given below.

Algorithm 55.
Choose a path in the parameter space starting with the integrable case
Initialize
The parameters and the solution at the integrable case
Repeat
Increase the parameters along the path
Run the iterative step
If (Iterations of the Newton’s step do not converge)
Decrease the increment in parameters
Else (Iteration success)
Record the values of the parameters
and the Sobolev norm of the solution
If Non-degeneracy conditions fail
Return “inconclusive”
Until Sobolev norm exceeds a threshold

The ending point of the algorithm is the estimated critical value, namely when
the Newton’s steps converge, but the Sobolev norm exceeds a threshold.

Algorithm 55 has been implemented to estimate the breakdown of analiticity
of quasi—periodic attractors of conformally symplectic maps in [11]; for similar
calculations in the symplectic case see [13].

We remark that the critical values, obtained when the Sobolev norm exceeds
a threshold, are not claimed to be sharp. An example of such empirical values
can be found in [11] for the case of the dissipative standard map.

A recurrent remark concerning schemes like Algorithm 55 is that one can make
the results more convincing by observing that the norms blow up according to
a power law. Renormalization group predicts that there is a power law blow
up for each Sobolev norm and that there is a simple relation between the scaling
exponents corresponding to Sobolev norms (see [21, 11]). These empirically found
scaling relations are consistent with a renormalization group description of the
breakdown. A version of this renormalization group was proposed in [57].
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10. PERTURBATIVE EXPANSIONS

In several applications, the conformally symplectic mappings (or flows) include
parameters, some of which may be small. For example, in celestial mechanics
applications, one can often consider the masses of the planets as small (compared
to the masses of the Sun) or even the dissipation to be small.

In these circumstances, it is natural (and standard in theoretical physics) to
obtain perturbative expansions of the objects of interest in terms of the small
parameter. From the mathematical point of view, there are several natural results
one can consider. One result shows that indeed one can compute the expansion
in power series and that the formal expansion can be carried to all orders (when
the family of maps is analytic). A second type of results is to prove estimates
on the reminder and the general term, thus showing that the formal power series
indeed defines a convergent series. We will present results of all these types.
Theorem 58 shows that there are perturbation results to all orders, Theorem 59
shows that, when the unperturbed case is dissipative, the perturbative series
indeed defines an analytic function. Note that Theorem 58 applies also to the
case that the unperturbed system is conservative. Indeed, when the unperturbed
system is conservative and the perturbations are not, we present arguments that
suggest that for typical systems, the perturbative expansions exist to all orders,
but do not converge. The proof of Theorems 58 and 59 is based on the use of the
automatic reducibility coming from the geometry. We note that this also leads to
an efficient algorithm to compute the perturbative expansions. Indeed, we obtain
a quadratic algorithm, whose step doubles the number of terms computed so far
in the perturbative expansion.

10.1. Basic set up. Since we will deal with analytic functions, it is convenient
to consider maps defined in complex extensions, namely

f:AxVxAnxTZeAnxTZ,

where A C C", A, C C", 0 € V C C are open sets. We think of the variables
in A,, T} to be the dynamical action-angle variables. The variables in A are the
variables ;1 that we have considered so far. Note that we have already developed
a theory for families of maps in this form. The variable in V', which we will
denote by € and which we will refer to as external parameter, has the meaning of
the perturbation parameter. Since often the perturbation parameter is small, it
is convenient to assume that ¢ = 0 is a possible value. The goal of this section
is to study how the results obtained for ¢ fixed depend on the value of . That
is, we will investigate the function u(e) and we study whether one can obtain
perturbative expansions in € of the result. We write the families as

Jue(l, ) = (I_> o)
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so that we consider u,e as parameters. We assume that each of the mappings
fue is conformally symplectic, namely

(f,u,z—:)*Q - )\EQ s

for some function A\.. We assume that for ¢ = 0 the family f, o admits a solution
Lo, Ko of the invariance equation

fuooo Ko =KpoT, , (10.1)

satisfying the non—degeneracy condition of Theorem 20. An important particular
case for the assumption (10.1) is that f,, ¢ is an integrable mapping, but we are
not assuming that. Finally, we assume that w is Diophantine (see (3.1)). Note
that Theorem 20 implies that, changing ¢ in a sufficiently small neighborhood,
there exists a solution (u., K.) of the equation

fuocoK. =K. 0T, . (10.2)

Theorem 20 gives that the solution is locally unique and that it depends in a
Lipschitz way on € (in some appropriate topologies for the mapping K).

In this section we aim to study the functions u., K.. First, we will show that
there are solutions of the parameterized equations (10.2) in the sense of power
series in £ and later we will show that these power series are actually analytic
(notice that there are some differences among the hypotheses of the two results).
As it is well known, the existence of solutions to all orders are required to satisfy
some Diophantine condition, such as (3.1) (or the Brjuno-Riissmann conditions
in [59].) The second difference is that we can establish analyticity on parameters
only when all the maps are contractive. Of course, when all maps are symplectic,
the results are well known ([53]).

Remark 56. We have considered only the case in which the perturbing parameter
15 one—dimensional. However, the results easily generalize to deduce the analyt-
icity with respect to more parameters. Indeed, if € = (e1,...,¢,), ¢, € C, we can
consider €1,...,€;_1, €11, --.,En fized and we can apply the same technique to
show the convergence. Then, it suffices to use Hartogs theorem ([43]) to conclude
that v, K are jointly analytic in all variables.

10.2. Formal series solutions. We are seeking solutions of (10.2) of the form

He = iu(%i s KE - iK(i)gi s
=0 =0

for some unknown coefficients p?, K®. More precisely, we seek p®, K® such
that, using a truncation of y. and K. to the order N, one has

N N
foon ywzz0 > KW =3 KD oTe +o(e"*) . (10.3)

=0 i=0
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The o(eV*!) in (10.3) can be understood in two meanings, which are indeed
equivalent:

A) Formal sense: if we substitute the series, expand and group all the terms
in e, then all the coefficients of £*, © < N, vanish.
B) Asymptotic sense: if we substitute

N N
psN =Sl KEN =Y KO
=0 i=0
into (10.2), we obtain for some p' > 0:
| f,en 0 KEN — KEN o T||4, < CeMF1. (10.4)

Remark 57. For the series that we are considering, both notions are equivalent
as it can be easily seen. Note that the function at the left hand side of (10.4)
1s analytic in €. Since there are only non-negative powers of € involved, the
coefficients of the expansion in € up to the order N depend only on the coefficients
of the expansion of ., K. up to the order N. Hence, if we substitute a polynomial
truncation of the power series, we obtain that the coefficients of order i < N of
the power series are given by the formulas obtained in the formal power series
expansions. If they vanish, then we obtain (10.4).

Theorem 58. Assume that the families f, . are as above, that w satisfies f, o o
Ko = Kqgo T, and that Assumption H3 in Theorem 20 is satisfied. Assume
furthermore that w satisfies (3.1). Then, there is a formal power series solution
of (10.2). Moreover, there is one and only one such a series that, besides (10.2),
solves also (5.3).

The reason why we impose the normalization (5.3) is that the solutions of the
invariance equation are not unique, since we can always change the origin of the
phases in the parameterization, and still obtain a solution. Other normalizations
could work just as well.

Proof. Since [, o © K = K©oT, and ([ 0)" Q2 = A2 for some value Ao,
proceeding as in Section 3.1, there exist M, S as in (3.14) such that

Dfyo o KO@B)M®B) = M6 +w)BH),  B®) = (151 N @) . (105)
0

Note that since K@, () are exact solutions of the invariance equation, the for-
mulas in (10.5) are exact as indicated in Section 3.1. As standard in perturbation
theory, we expand (10.2) in € and match the coefficients of equal powers of £ on
both sides of the equation. This will give us recursive equations that, as we will
see, determine K@, (| provided that we have computed all the previous ones.
Equating terms of order ¢ in (10.2), we find

Df,0 oo KO KV —KWoT,+(D,f) 0 0o KO u+(D.f) y0 g0 K@ = 0. (10.6)
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More generally, matching the terms of order ¢ we obtain
Df,u(o),O o KOKW — Ko T, + (D,uf)u(o),o o K(O),u(i)
= Bi(KW, KD Oy (10.7)

where P, is a polynomial expression in KM, ... K@ ,® 01 whose
coefficients are given by the polynomial derivatives of f, . evaluated at pu = ),
e = 0, and composed with K. Of course (10.6) is an equation for (u*, K1),
while (10.7) is an equation for (u®, K®). The equations (10.6) and (10.7) have
to be supplemented with the equations obtained expanding (5.3), namely

/ [MH(O)(KD(0) — K©(6))], dd =0, (10.8)

so that we adjust the average of the first component of W, being W=>"*/ Wet,
as it was done in (5.3) which implies a shifting of the origin of the angle coor-
dinate. Equation (10.7) can be conveniently studied using (10.5). As in the
Newton’s step, we substitute (10.5) into (10.7) and, introducing the notation of
the Newton’s step, namely K () = M(0)W @ (6), we obtain

BOWO () = WO +w) + M0+ w)(Duf)yor o 0 KO ()

j - 10.9
= MO+ w)P(KD, .. KD O Dy (10.9)

We recall that expressing equation (10.9) in components (denoted with sub-
scripts) we obtain the following equations:

Mo(W)(8) = (WO)a(0 + ) + M0+ @) (D o0 0 K Olop

= M0+ )P (O)]:

(W)1(6) = (W) (8+0)+ S(0) (W D)a(0)+ M (6+) (D)o g © KO (O)] 1"
= MO+ @) PO

These equations can be solved as in Section 6 using the non—degeneracy assump-
tion and the Diophantine property of w. We note that for Ay # 1, it suffices to
solve one equation involving small divisors and another equation without small
divisors. When A\ = 1, we have to solve two equations involving small divisors.
Recall that the existence of solutions of the small divisor equations requires that
some average vanishes. Hence, depending on whether [Ag| # 1 or A\g = 1 one
needs to deal with one or two obstructions. Of course, we also obtain different
estimates on the solutions depending on whether we solve one or two equations,
but this is not our concern here. In the case when |\g| # 1, we start by solving
for (W®),. Because the equation does not have small divisors, once we fix u®,
the (W®), is determined uniquely. The p® is determined in such a way that
the equation for (W®); — which involves small divisors — has a solution. Under
a non-degeneracy condition of the form (5.1), we can determine (W®),, (W),
p¥. The solution is unique up to a constant, which is chosen so that (10.8) is
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satisfied. In the case when \g = 1, we obtain that the equation for (W®), can
be solved by choosing properly u?. Nevertheless, the solution is determined only
up to an additive constant, which can be chosen in such a way that the equation
for (W), is solvable. Again, this determines (W®); up to an additive constant,
which is chosen so that (10.8) is satisfied. O

10.3. Convergence of the perturbative series expansions. In this section
we prove a result to establish that the formal series expansions are convergent. Its
proof is a rather simple consequence of the “a—posteriori” format of Theorem 20.

Theorem 59. In the conditions of Theorem 58, assume furthermore that |\| #
1. Then, the normalized power series obtained in Theorem 58 converges to an
analytic function.

Proof. First of all, we observe that Theorem 20 produces a family of solutions
(e, K.) for all |e| sufficiently small. The proof of the theorem shows that the
solutions are Lipschitz functions with respect to e. We now turn to prove that
they are actually differentiable (in the complex sense) and therefore analytic in .
We note that the first order expansion gives us a formal derivative that satisfies
the inequality for n > 0:

1 fiscss e © (KL 4 E) — (KL 4+ K)o T |4, , < C 07 v

for suitable constants C' > 0, a > 0. We finally remark that (,ugo) + nug), KE(O) +

an(l)) is an approximate solution of the invariance equation for € + n up to
an error bounded by O(g?); on the other hand, the non-degeneracy conditions
remain the same.

For n small enough, we can apply Theorem 20 to obtain the existence of a solution

(fietn, Keyy) of (3.2) for the parameters € + 7, satisfying
‘/1€+77 - :US:O) - 77:“21)| <C 772 ’

1Koy = KO =KW |a, ,, <C P

p—28

Using Theorem 28 we obtain that (ji, K) is precisely the solution produced by a
direct application of Theorem 20. Therefore, the resulting solution satisfies the
inequalities:

ey — p0 —nu) < C n? |

”Kz-:Jrn - Kéo) — UKél)”fLF% S C 772 .

As a consequence, the quantity ,ugl) is the derivative of . and Ke(l) is the deriv-

ative of K., whenever we consider K. in the domain T}_,5. Once we know that
(e, K.) is differentiable for € in a complex neighborhood of zero, we know that
its Taylor expansion in € converges in the domain C" xT}_,;. Since we know that
the functions K., . are analytic, it is easy to argue that the (convergent) Taylor
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expansions of these functions are the functions that we have computed in the
perturbative expansions. Using Remark 57, we note that the coefficients of the
Taylor expansion solve (10.7) and (10.8). Since the solutions of these equations
are unique, we conclude that, indeed, the formal solutions are the Taylor series
of the analytic functions K., y. and that, therefore, they converge. O

Remark 60. Perturbative expansions provide a tool to determine an explicit
relation between the frequency w and the drift p. For example, in the case of the
dissipative standard map (2.2), one can proceed as follows. Let Ay be defined as
the finite difference operator acting on a function v = u(f), 0 € T, as A u(f) =
uw(f + %) — Mu(0 — %); then, parametrising the invariant torus as ¢ = 0 + u(0)
and using the invariance equation, one gets

A Au(0) = AV (0 +u(0)+v =0, (10.10)

where v = w(1 — X) — pu\. Multiplying (10.10) by 1 4+ uy and taking the average,
one gets
v+ (upArAyu) =0,
namely
A = w(l — A) + (ugA1Ayu)
which relates the frequency w and the drift p (see [19]).

10.3.1. Some conjectures on the convergence of the perturbative expansions. Note
that the hypotheses of Theorem 58 on the existence of power series are less
restrictive than those of Theorem 59 on the convergence of the power series
expansions thus obtained. The existence of formal power series is valid both
for \g = 1 and for |\g| # 1, whereas the convergence is established only when
|Ao| # 1. There is a good reason for these restrictions. In fact, we note that
the equations Aog(W®)y — (W®), 0 T, = 5 could fail to have solutions for all
whenever

Ao = exp(2mikw) , k e Z"\{0} . (10.11)
In such a case, we can only obtain solutions for n such that 7, = 0, a € Z. Since
these numbers are dense on the unit circle, we cannot develop a theory for open
sets of \g which contain 1. The following heuristic argument supports our first
conjecture.

Conjecture 61. If \o = 1 and \,. # 1, then the perturbative expansion diverges
for a generic family f, ..

The heuristic argument for Conjecture 61 follows from the open mapping theorem:
if \,. is non-trivial (which is a generic condition), in any complex neighborhood
of zero in the e-plane, we see that there would be some values * for which A, .
is of the form (10.11). For these values, we cannot guarantee that there exists a
derivative with respect to ¢ by the previous argument. Indeed, it seems plausible
that these derivatives do not exist because the right hand side of the equation we
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have to solve does not satisfy the constraints. This would be clear if f,_, u., K.
were arbitrary, but of course, they are closely related. The same argument applies
when |Ag| = 1, but nevertheless the series is defined to all orders. These numbers
are of full measure in the unit circle.

Conjecture 62. When A\g = 1 and w s Diophantine, the perturbative series
are Gevrey. For a family which satisfies some non—degeneracy assumption, the
functions K., p. are analytic in a domain which is a ball in the complex plane
minus a sequence of balls with centers in a curve and whose radii are bounded by
a function that decreases exponentially fast with the distance to the origin.

In the paper [40], one has an argument that shows that, using Theorem 20, the
second part of the conjecture is a consequence of the first. The first part seems
plausible because of analogies with other cases.

Conjecture 63. Let fy be a non—degenerate system with an analytic invariant
torus, Ky. Let w be a frequency that does not satisfy a non-resonance condition
of the form
. —1
A, e S g4 1 @pl—a) =0

for all o € R™. Then, there exists an analytic family f. — indeed polynomial in
e — for which it is impossible to obtain an asymptotic expansion. Indeed, such
functions are generic.

Similar phenomena in other contexts have been discussed in [62, 49, 60]. Note
that a consequence of Conjecture 63 is that there is a residual set of frequencies for
which the perturbative expansions can be defined to all orders, but nevertheless
diverge for all € # 0.

10.4. A fast algorithm for the computation of perturbative expansions.
An alternative proof of Theorem 59. The main observation is that algo-
rithm 32 can be lifted to analytic families. The quadratic convergence of the
algorithm implies that the number of terms in the expansion doubles at every
step. Also, using the usual KAM estimates, we can establish that the series
converges. We just describe the iterative step starting from the equation

o o K — KM o T, = EMY

proceeding as in Section 3.1, in analogy to (10.5), we obtain that
Df @ o KM (@O)M™N(0) = MM (0 +w)BM(9) + O(e")
(V)
gy (1d SE(0)
B70) (O AV1d )

Note that in this case, of course, all the objects involved in the solution of the
cohomology equations are functions depending on €. The fact that the estimates
are uniform in ¢ leads to the conclusion that exactly the same estimates used
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in the iterative step hold for the convergence in the sup—norm of families. Since
the uniform limit of analytic functions is also analytic, we obtain that the solu-
tion depends analytically on parameters. We also note that this is a practical
algorithm to compute the perturbative series expansions. Using the methods of
automatic differentiation for functions of two variables ([8], see [34] for a mod-
ern review), one can implement the operators involved in the evaluation of the
Newton’s method.

Compared with a direct numerical solution of (10.7) this method is not only
faster, but it also has the advantage that, being a Newton’s method, it is nu-
merically stable; on the contrary, in the order by order method, the errors in
the low order affect the high—order terms, but they are never corrected, so that
the errors accumulate on higher order terms. On the other hand, the Newton’s
method keeps on correcting even the low—order terms.

APPENDIX A. A DISSIPATIVE KAM SCHEME FOR FLOWS

In this section, we discuss a practical scheme to compute parameterizations of
invariant tori for flows. We present only the formal calculations; the convergence
of the scheme can be proved in a very similar way as it was done for mappings.
We will not discuss the method in the greatest generality as possible, but we will
assume that the symplectic form is given by Q = dp A dI. In this context, we
consider a conformally symplectic family of vector fields of the form (2.4), (2.5),
that we write as

OH(I, p)
dp
. OH(IL, )
a7
defined over a manifold M C T" x R" and being p a parameter in R".
Let w € R™ be a diophantine frequency for flows, namely w € D, (v, 7) with

D,(v,7) ={w eR" : |w-k| >v|k|”T VEkeZ"\{0}}.

I=- + A+ p

(A1)

We parameterize an invariant attractor with frequency w as (I,¢) = K(6) for
9 € T, such that § = w for a suitable embedding K: T" — M. Let 9, be the
partial derivative operator d,, = w - dy; denoting by F), the vector field associated
to (A.1), we obtain that K must satisfy the invariance equation

0,K(0)—F,0oK(¢)=0. (A.2)
Taking the gradient of (A.2) we obtain
D(0,K(0)) =V (F,o K(8)) DK(0) =0 .
The Lagrangian character of the torus implies that K satisfies

DK(9)" Jo K(0) DK(6) =0 .
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The equivalent of the automatic reducibility of Section 3.1 is obtained through
the following Proposition.

Proposition 64. Let N(0) = (DK(0)' DK (0))~;
by juztaposing the matrices DK (0), JDK(0)N (9)

M(0) = [DK(0) | DK(Q) ( )] (A.3)
Then, setting A =V FE, o K, we have:

let M be the matrix obtained

0, M (6) — A(6)M(6) = M(0) (8 i(fg) | (A.4)

with
S(0) = N@O)DK ()" J(A®) + AO)")DK(O)N(0) .

Proof. Let us compute separately the first and second half of the columns of
W(0) = 9,M(0)— A(0)M(0). The first half columns are zero, since (A.2) implies
(for simplicity of notation we omit the argument 6):

0,(DK) = (VF,o K)DK
or
0,(DK)=ADK . (A.5)
The second half columns M, are given by
M5(0)=0,(/DKN)—-AJDKN ;
due to (A.5) we obtain
My, =Jo,(DK)N+ JDKJ,(N)— AJ DK N
=JADKN+ JDKO,N)—AJDKN
=(JA—AJ)DK N+ JDKO9,(N) .
The conformally symplectic condition for flows can be written as
(VE,0oK)J+ J(VF, 0o K)T = -\ J . (A.6)
From (A.6) one obtains that AJ = —JAT — \J, so that
My, =J(A+A")DK N + AJDK N + J DK 9,(N) .
Moreover, using NDKT DK = 1d, it follows that
0,(N)=-NDK"(A+ AT)\DK N ; (A7)
in fact, from
0,(NYDK*DK + NO,(DK")DK + NDK"'9,(DK) =0
and being 9,(DK) = ADK, 0,(DKT) = DKT AT one has
O,(NYNT' + NDKT"A"DK + NDKTADK =0,
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which gives (A.7). Since the vectors {ag_e(ie)’ Jag—e(f)}i:l
we can find n x n matrices S(#), T'(#), such that

My(0) = DK (0)S(0) + JDK(0)N(0)T'(0) . (A.8)
Multiplying by —DKT J, one obtains

T=-DK"JM,=\Id .

Multiplying (A.8) by N(#)DK (6)T one obtains

S=-NDK"[AJDKN —9,(J DK N)]

= -NDK"(AJ—-JA)DKN ,

being DKTJDK = 0 and

0,(JDKN) = JADK N + J DK 0,(N) .

Since (A.6) implies that AJ = —JAT —\J, namely AJ—JA = —J(A+AT)=\J,
one has

. form a basis of R?",

.....

S=NDK" J(A+ ATYDK N ,
being NDKTJDKN = 0, so that we finally obtain (A.4). O

Assume that (A.2) is satisfied up to an error term E, say
O, K—F,oK=FLE.
As in Section 6.1, we denote by A, o the corrections to K, yu and we write the
linearized equation as
0uA — AN — (V,F,0 K)o =—FE .
To solve this equation we make the change of variables
A) = M(@O)W () ,

with M as in (A.3) and W to be determined as follows. We aim to find the
corrections A, o, such that the error of the approximate linearized equation is
quadratically reduced. Let us assume that

LM (6) — A(6)M(9) = M(0) (8 %@) +R,

for some error function R = R(0). The iterative step is obtained by solving the
following equation (A.9), where the term RW is neglected:
0 S(0)

o+ (o

) W=-E+MYV,F,oK)s, (A.9)

with £ = M~'E. We have thus obtained differential equations with constant
coefficients, which can be solved using Fourier methods. Let

i= M YV,F,0K);
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denoting the components of W as (Wy, W), we have
0,W1(0) + S(O)Ws(0) = —Eq1(0) — A (0)0
DuWa(0) + AW, (0) = —E5(0) — Ay(0)o
where E = (Ey, Ey), A = [A,| A;] with Ay, A; being n x n matrices. For any
|A| # 0 the second equation can always be solved, while for any A the first equation
involves small divisors and the right hand side of (A.10) must have zero average.
Using the same notation as in Section 6.2.1, namely setting Wy = Wy + (W1)°,
Wy = Wy + (W)Y, (W2)° = (B,)° + o(By)°, one is led to choose W, o as the

solution of

S SBY+4)( W\ _ [ -SBS-E
( Ad A, )( 0>_< —E, ) ’ A

provided the following non—degeneracy condition is satisfied

J— 0 —
det [ S SBLTAN Lo
Ad A,

(A.10)

To conclude, we summarize the algorithm for computing the improved approxi-
mation for flows as follows.

Algorithm 65. Given K: T" — M, u € R™ perform the following computations:
1) a—0,K

b F,oK

E—a—-»b

a«— DK(0)

N « (aTa)™t

G<—VF oK

Ae— MG
5 (B,)" solves 0,(B,)°" +A\(B,)°" = —(F)°, (By) solves 0,(By)° + M By)® =
—(A)°

) Find W, o solving (A.11)
) (W2)? = (Ba)® + 0(By)°

8) Wy = (W) + W,
)
)

2)
)
1)
2)
)
A4)
4.5) M [04 | 7]
.6)
7)
4.8)
9)
)
)

Wy solves 9,W1(0) + S(0)Wa(h) = —E1(0) — A1 (0)o
K—K+MW, p—p+o.
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